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FOREWORD 

This course has been planned for fulfilling the content capability of future teachers who 
will be enrolled in B. Ed 4 years or B. Ed 2.5 years in Allama Iqbal Open University. 
This book may be beneficial for meeting the needs of the advance content for students 
and teachers. Scientific knowledge is expanding at a high speed. This is the age of 
scientific revolution and conceptions. which need skillful technologies. Allama Iqbal 
Open University and Science Education Department has accepted to maintain the 
excellence and adequacy. This book is one of those series of books which will enable the 
teachers to cope with changing needs of the society and students. 

This book is not written by a single author but a group of authors having vast experience 
in the field of Chemistry. The course development team was committed to make it 
possible in this shape. Now it is a complete book written according to the approved 
content and format of AIOU. Students of this level from any university can also get 
assistance from this manuscript.  

The focus of this book is to provide the students with best knowledge, skills and content 
in the subject of Chemistry. With the help of this book science students can explore the 
natural world, can understand the dynamics of Chemistry and discover new dimensions 
in the field. Keeping in view the qualitative aspect of education and an increasing 
demand of science teachers, stress is rested upon science content as well as strengthening 
their professional skills and knowledge. The elements of motivation and love are also 
considered.    

We welcome suggestions and comments for improvements from the readers, teachers and 
public at large for the improvement of this course. 

 
Prof. Dr. Nasir Mahmood 

                                                                                         Chairman  
Science Education Department 
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PREFACE 

Nevertheless, there is lot of books accessible in market, but there is no book which 
fulfills the requirements of University approved outlines. Some cover one area of content 
while other covers another area. In this way there would be a lot of financial burden and 
dispersed focus.Further AIOU has its own requirement either to provide compiled 
material or textbook. This book is one of those series for coverage of content area 
requirement for B. Ed 4 Year and B. Ed 2.5 years in the field of Chemistry. 

This book is written as per prescribed procedure of book development. After approval of 
content from all statuary bodies, approval for starting development of this book was 
sought. Great stress has been laid in making the course to facilitate prospectus, in service 
and pre-service teachers for content knowledge regarding Chemistry. The course is 
equipped with illustrations for better understanding of the reader. Each unit is equipped 
with necessary illustrations, activities and self-assessment exercises. This is a quick effort 
and may have some errors and omissions for which we shall welcome suggestions for 
improvement in the next edition. 

AIOU hopes that this book will prove finest for the content knowledge regarding 
Chemistry at this level. 

 
Dr. Aftab Ahmed 

Course Development Coordinator 
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OBJECTIVES OF THE COURSE 

After completing this course, you will be able to: 

1. Explain the quantum mechanics. 

2. Discuss the chemical equilibrium. 

3. Discuss the essentials of chemical analysis and evaluate analytical data. 

4. Elaborate spectroscopy. 

5. Explain carboxylic acids and their various derivatives. 

6. Describe the carbohydrates. 

7. Discuss synthetic polymers 

8. Introduce and discuss Ceramics, glasses, inorganic polymers, thin glass, and semi-
conductors 

9. Explain environmental pollutants and their effects on environment 
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INTRODUCTION  

By the late 19th century, physicists thought they had most physical phenomena pretty 
well understood. All things pretty much fell into two distinct categories: waves and 
particles. “Particles” were defined by the way they interacted with each other, and 
similarly for waves. 1 Lecture Notes: Quantum Mechanics and Atomic Structure Chem 6 
Spring '00 So a “particle” is something that exhibits “particle-like behavior”. First, we’ll 
discuss a bit about particles, and particularly electrostatic forces between them. Then 
we’ll talk about early experiments to determine the properties of atoms. Then, we’ll 
return to a discussion of wave-like behavior, and show how the only way to describe 

In this unit we are going to review the main physical ideas and experimental facts that 
defied classical physics and led to the birth of quantum mechanics. The introduction of 
quantum mechanics was prompted by the failure of classical physics in explaining a 
number of microphysical phenomena that were observed at the end of the nineteenth and 
early twentieth centuries. 

Quantum mechanics, including quantum field theory, is a fundamental theory in 
physical chemistry describing the properties of nature on an atomic scale 

An atom is the smallest constituent unit of ordinary matter that constitutes a chemical 
element. Every solid, liquid, gas, and plasma is composed of neutral or ionized atoms. 
Atoms are extremely small; typical sizes are around 100 picometers 

OBJECTIVES  

After completion of this unit, hopefully you will be able to: 

1.  Discuss the Elementary Treatment of Compton effect and photoelectric effect. 

2.  Describe the Bohr’s Atomic model and its defects 

3.  Point out Summer field‘s modification of Azimuthal Quantum Number. 

4.   Solve dual nature of matter and its verification. 

5.  Explain Derivation of time independent Schrodinger’s wave equation and Energy 
equation for free motions of particles in one dimensional box 

6.  Illustrate Eigen values and Eigen Functions. 

7.  Explain   Quantum Numbers. 
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1.1 ELEMENTARY TREATMENT OF COMPTON EFFECT 
AND PHOTOELECTRIC EFFECT   

1.1.1 Compton Effect 

Compton scattering, discovered by Arthur Holly Compton, is the scattering of a photon 
by a charged particle, usually an electron. It results in a decrease in energy of the photon, 
called the Compton effect. Part of the energy of the photon is transferred to the recoiling 
electron 

“An increase in wavelength of X-rays or gamma rays that occurs when they are 
scattered.” 

Convincing evidence that light is made up of particles (photons), and that photons have 
momentum, can be seen when a photon with energy hf collides with a stationary electron. 
Some of the energy and momentum is transferred to the electron (this is known as the 
Compton effect), but both energy and momentum are conserved in this elastic collision. 
After the collision the photon has energy hf/ and the electron has acquired a kinetic 
energy K. 

Conservation of energy: hf = hf/ + K 

 

Combining this with the momentum conservation equations, it can be shown that the 
wavelength of the outgoing photon is related to the wavelength of the incident photon by 
the equation: 

Δλ = λ/ - λ = (h/mec) (1 - cosθ) 
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The combination of factors h/mec = 2.43 x 10-12 m, where me is the mass of the electron, 
is known as the Compton wavelength. The collision causes the photon wavelength to 
increase by somewhere between 0 (for a scattering angle of 0°) and twice the Compton 
wavelength (for a scattering angle of 180°) 

Compton Effect Example 

A photon with a wavelength of 6.00 x 10-12 m collides with an electron. After the 
collision the photon's wavelength is found to have been changed by exactly one Compton 
wavelength (2.43 x 10-12 m). 

(a) What is the photon's wavelength after the collision? 

1. 3.57 x 10-12 m 
2. 8.43 x 10-12 m 
3. It could be either one of the above 

 
The photon gives up some of its energy to the electron. If its energy goes down its 
frequency decreases and its wavelength increases. 
(b) Through what angle has the photon been deflected in this collision? 

1. less than 90° 
2. 90° 
3. more than 90° but less than 180° 
4. 180° 

 
Δλ = (h/mec) (1 - cosθ) 
In this situation we have (1 - cosθ) = 1 so cosθ = 0 and θ must be 90°. 

(c) What is the angle for the electron after the collision? 

1. less than 90° 
2. 90° 
3. more than 90° but less than 180° 
4. 180° 

 
To keep the total momentum the same the electron has both x and y momentum, so its 
angle must be less than 90°. 
(d) What is the electron's kinetic energy, in eV, after the collision? 

Energy is conserved in the collision, so: hf = hf/ + K 

K = hf - hf/ = hc/λ - hc/λ/ = hc [ 1/λ - 1/λ/ ] 
K = (6.63 x 10-34) (3 x 108) [ 1/6.00x10-12 - 1/8.43x10-12] 
K = 9.56 x 10-15 J = 59700 eV 
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1.1.2   Photoelectric Effect 

“The photoelectric effect is the emission of electrons or other free carriers when 
electromagnetic radiation, like light, hits a material. Electrons emitted in this manner can 
be called photoelectrons.” 

Light with energy above a certain point can be used to knock electrons loose, freeing 
them from a solid metal surface.  Each particle of light, called a photon, collides with an 
electron and uses some of its energy to dislodge the electron. The rest of the photon's 
energy transfers to the free negative charge, called a photoelectron. 

Understanding how this works revolutionized modern physics. Applications of the 
photoelectric effect brought us "electric eye" door openers, light meters used in 
photography, solar panels and photostatic copying. 

 
 
Discovery 
Before Einstein, the effect had been observed by scientists, but they were confused by the 
behavior because they didn't fully understand the nature of light. In the late 1800s, 
physicists James Clerk Maxwell in Scotland and Hendrik Lorentz in the Netherlands 
determined that light appears to behave as a wave. This was proven by seeing how light 
waves demonstrate interference, diffraction and scattering, which are common to all sorts 
of waves (including waves in water.) 

So, Einstein's argument in 1905 that light can also behave as sets of particles was 
revolutionary because it did not fit with the classical theory of electromagnetic radiation. 
Other scientists had postulated the theory before him, but Einstein was the first to fully 
elaborate on why the phenomenon occurred – and the implications. 

For example, Heinrich Hertz of Germany was the first person to see the photoelectric 
effect, in 1887. He discovered that if he shone ultraviolet light onto metal electrodes, he 
lowered the voltage needed to make a spark move behind the electrodes, according to 
English astronomer David Darling.  
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Then in 1899, in England, J.J. Thompson demonstrated that ultraviolet light hitting a 
metal surface caused the ejection of electrons. A quantitative measure of the photoelectric 
effect came in 1902, with work by Philipp Lenard (a former assistant to Hertz.) It was 
clear that light had electrical properties, but what was going on was unclear. 

According to Einstein, light is made up of little packets, at first called quanta and later 
photons. How quanta behave under the photoelectric effect can be understood through a 
thought experiment. Imagine a marble circling in a well, which would be like a bound 
electron to an atom. When a photon comes in, it hits the marble (or electron), giving it 
enough energy to escape from the well. This explains the behavior of light striking metal 
surfaces. 

While Einstein, then a young patent clerk in Switzerland, explained the phenomenon in 
1905, it took 16 more years for the Nobel Prize to be awarded for his work. This came 
after American physicist Robert Millikan not only verified the work, but also found a 
relation between one of Einstein's constants and Planck's constant. The latter constant 
describes how particles and waves behave in the atomic world.  

Further early theoretical studies on the photoelectric effect were performed by Arthur 
Compton in 1922 (who showed that X-rays also could be treated as photons and earned 
the Nobel Prize in 1927), as well as Ralph Howard Fowler in 1931 (who looked at the 
relationship between metal temperatures and photoelectric currents.) 

Applications 

While the description of the photoelectric effect sounds highly theoretical, there are 
many practical applications of its work. Britannica describes a few: 

Photoelectric cells were originally used to detect light, using a vacuum tube containing a 
cathode, to emit electrons, and an anode, to gather the resulting current. Today, these 
"phototubes" have advanced to semiconductor-based photodiodes that are used in 
applications such as solar cells and fiber optics telecommunications. 

Photomultiplier tubes are a variation of the phototube, but they have several metal plates 
called dynodes. Electrons are released after light strikes the cathodes. The electrons then 
fall onto the first dynode, which releases more electrons that fall on the second dynode, 
then on to the third, fourth, and so forth. Each dynode amplifies the current; after about 
10 dynodes, the current is strong enough for the photomultipliers to detect even single 
photons. Examples of this are used in spectroscopy (which breaks apart light into 
different wavelengths to learn more about the chemical compositions of star, for 
example), and computerized axial tomography (CAT) scans that examine the body. 

Other applications of photodiodes and photomultipliers include: 

• imaging technology, including (older) television camera tubes or image 
intensifiers; 
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• studying nuclear processes; 
• chemically analyzing materials based on their emitted electrons; 
• giving theoretical information about how electrons in atoms transition between 

different energy states. 
 
But perhaps the most important application of the photoelectric effect was setting off 
the quantum revolution, according to 
Scientific American. It led physicists to think about the nature of light and the structure of 
atoms in an entirely new way.  

1.2 BRIEF DISCUSSION OF BOHR’S ATOMIC MODEL AND 
ITS DEFECTS. 

Niels Bohr proposed the Bohr Model of the Atom in 1915. Because the Bohr Model is a 
modification of the earlier Rutherford Model, some people call Bohr's Model the 
Rutherford-Bohr Model. The modern model of the atom is based on quantum mechanics. 
The Bohr Model contains some errors, but it is important because it describes most of the 
accepted features of atomic theory without all of the high-level math of the modern 
version. Unlike earlier models, the Bohr Model explains the Rydberg formula for the 
spectral emission lines of atomic hydrogen. 

The Bohr Model is a planetary model in which the negatively charged electrons orbit a 
small, positively charged nucleus similar to the planets orbiting the sun (except that the 
orbits are not planar). The gravitational force of the solar system is mathematically akin 
to the Coulomb (electrical) force between the positively charged nucleus and the 
negatively charged electrons. 

Main Points of the Bohr Model 

• Electrons orbit the nucleus in orbits that have a set size and energy. 

• The energy of the orbit is related to its size. The lowest energy is found in the 
smallest orbit. 

• Radiation is absorbed or emitted when an electron moves from one orbit to another. 

Bohr Model of Hydrogen 

The simplest example of the Bohr Model is for the hydrogen atom (Z = 1) or for a 
hydrogen-like ion (Z > 1), in which a negatively charged electron orbits a small 
positively charged nucleus. Electromagnetic energy will be absorbed or emitted if an 
electron moves from one orbit to another. Only certain electron orbits are permitted. The 
radius of the possible orbits increases as n2, where n is the principal quantum number. 
The 3 → 2 transition produces the first line of the Balmer series. For hydrogen (Z = 1) 
this produces a photon having wavelength 656 nm (red light). 
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Bohr Model for Heavier Atoms 

Heavier atoms contain more protons in the nucleus than the hydrogen atom. More 
electrons were required to cancel out the positive charge of all of these protons. Bohr 
believed each electron orbit could only hold a set number of electrons. Once the level was 
full, additional electrons would be bumped up to the next level. Thus, the Bohr model for 
heavier atoms described electron shells. The model explained some of the atomic 
properties of heavier atoms, which had never been reproduced before. For example, the 
shell model explained why atoms got smaller moving across a period (row) of the 
periodic table, even though they had more protons and electrons. It also explained why 
the noble gases were inert and why atoms on the left side of the periodic table attract 
electrons, while those on the right side lose them. However, the model assumed electrons 
in the shells didn't interact with each other and couldn't explain why electrons seemed to 
stack in an irregular manner. 
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Defects of Bohr’s Atomic Model 

• It violates the Heisenberg Uncertainty Principle because it considers electrons to 
have both a known radius and orbit. 

• The Bohr Model provides an incorrect value for the ground state orbital angular 
momentum. 

• It makes poor predictions regarding the spectra of larger atoms. 
• It does not predict the relative intensities of spectral lines. 
• The Bohr Model does not explain fine structure and hyperfine structure in spectral 

lines. 
• It does not explain the Zeeman Effect. 
Refinements and Improvements to the Bohr Model 

The most prominent refinement to the Bohr model was the Sommerfeld model, which is 
sometimes called the Bohr-Sommerfeld model. In this model, electrons travel in elliptical 
orbits around the nucleus rather than in circular orbits. The Sommerfeld model was better 
at explaining atomic spectral effects, such the Stark effect in spectral line splitting. 
However, the model couldn't accommodate the magnetic quantum number. 

Ultimately, the Bohr model and models based upon it were replaced Wolfgang Pauli's 
model based on quantum mechanics in 1925. That model was improved to produce the 
modern model, introduced by Erwin Schrodinger in 1926. Today, the behavior of the 
hydrogen atom is explained using wave mechanics to describe atomic orbitals. 

 

1.3 SUMMER FIELD’S MODIFICATION OF AZIMUTHAL 
QUANTUMNUMBER. 

This model explains the fine spectrum of Hydrogen atom. The important postulates of 
Somerfield atomic model are- 

1)  The orbits may be both circular or elliptical. 
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source : Fossil Hunters 

2) When path is elliptical, then there are two axis – major axis & minor axis. When 
length of major & minor axis become equal then orbit is circular. 

 

3) The angular momentum of electron moving in an elliptical orbit is  kh/ 2π. 

k is an integer except zero. 

Value of k = 1,2,3,4….. 

n/k = length of major axis / length of minor axis 

With increase in value of k, ellipticity of the orbit decreases. When n= k, then orbit is 
circular. 
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source : nptel 

4) Sommerfeld suggested that orbits are made up of sub energy levels. These are 
s,p,d,f. These sub shells possess slightly different energies. 

Bohr gave a quantum number ‘n’ , which determines the energy of electron. 

Sommerfeld introduced a new quantum number called Orbital or Azimuthal Quantum 
number (  l ) which determines the orbital angular momentum of electron. 

Values of l =0 to (n-1) 

For, n=1; l=0; 1s sub shell 

n=2; l=0,1; 2s, 2p sub shell 

n=3; l=0,1 ,2; 3s, 3p , 3d sub shell 

n=4; l=0, 1, 2, 3 ; 4s , 4p , 4d , 4f  sub shell 

 

source : Readorrefer.in 

5) When an electron jumps from one orbit to another orbit, the difference of energy 
(ΔE) depends upon sub energy levels. 

6) It explains the splitting of individual spectral lines of hydrogen & thus fine 
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spectrum. It could not predict the exact number of lines which are actually present in the 
fine spectrum. 

Defects of Sommerfeld atomic model- 

1) This model does not explain the behavior of system having more than one electron. 

2) This model does not explain the Zeeman & Stark effect. 

1.4 WAVE-PARTICLE NATURE OF MATTER (DUAL NATURE 
OF MATTER) 

Planck’s quantum theory of radiation tells us that light shows a dual character. It 
behavesboth as a material particle and as a wave. This idea was extended to matter 
particles in 1924 byLouis de- Broglie. According to de-Broglie, all matter particles in 
motion have a dual character. Itmeans that electrons, protons, neutrons, atoms and 
molecules possess the characteristics of both the material particle and a wave. 
This is called wave-particle duality in matter. de-Broglie derived a mathematical equation 
whichrelates the wavelength (l) of the electron to the momentum of electron. 

 

 

According to this equation, the wavelength associated with an electron is inversely 
proportional toits momentum (mv) 

This equation is derived as follows. 

According to Planck’s equation  E = hv .. 

According to Einstein’s mass energy relationship 
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E = mc2 ........................ (29) 

Where ’m’ is the mass of the material particle which has to convert itself into a photon; 
‘and c’ 

is the velocity of photon. Equating two values of energy; 

hv=mc2 

 

 

Or  

 

According to equation, the wavelength of electron is inversely proportional to 
momentumof electron. Now, consider an electron which is moving with a velocity of 
2.188x106 ms-1 in the first orbit of Bohr’s model of hydrogen atom. Then, wavelength 
associating with it, can be calculated with the help of equation 

h = 6.626x10-34 Js 

me= 9.108x10-31 kg 
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λ =0.33 nm 

This value of wavelength (l)of electron while moving in the first orbit of H-atom is 
comparable to the wavelength of X-rays and can be measured. If we imagine a proton 
moving in a straight line with the same velocity as mentioned forelectron, it’s wavelength 
will be 1836 times smaller than that of electron. Similarly, an α-particlemoving with the 
same velocity should have a wavelength 7344 times smaller as compared to thatof 
electron. Now, consider a stone of mass one gram moving with a velocity of 10 ms-1, 
then itsλ= 6.626x10-30 m 

This wavelength is so small, that it cannot be measured by any conceivable method. It 
means thatheavy material particles have waves associated with them, but they cannot be 
captured, and we say that the macroscopic bodies don’t have the waves 

Experimental Verification of Dual Nature of Matter 

In 1927, two American scientists, Davisson and Germer did an experiment to verify the 
wave 
nature of moving electron. Electrons were produced from heated tungsten flament 
andacceleratedby applying the potential difference through charged plates. Davisson and 
Germer proved that theaccelerated electrons undergo diffraction, like waves, when they 
fall on a nickel crystal. In this way,the wave nature of electron got verifed. Davisson ahd 
Germer got the nobel prize for inventingan apparatus to prove the matter waves and de 
Broglie got the separate nobel prize for giving theequation of matter wave. 
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The experimental setup for the Davisson and Germerexperiment is enclosed within 
vacuum chamber. Thus, the deflection and scattering of electrons by the medium are 
prevented. The main parts of the experimental setup are as follows: 

• Electron gun: An electron gun is a Tungsten filament that emits electrons 
via thermionic emission i.e. it emits electrons when heated to a particular 
temperature. 

• Electrostatic particle accelerator: Two opposite charged plates (positive and 
negative plate) are used to accelerate the electrons at a known potential. 

• Collimator: The accelerator is enclosed within a cylinder that has a narrow passage 
for the electrons along its axis. Its function is to render a narrow and straight 
(collimated) beam of electrons ready for acceleration. 

• Target: The target is a Nickel crystal. The electron beam is fired normally on the 
Nickel crystal. The crystal is placed such that it can be rotated about a fixed axis. 

• Detector: A detector is used to capture the scattered electrons from the Ni crystal. 
The detector can be moved in a semicircular arc as shown in the diagram above. 

The basic thought behind the Davisson and Germer experiment was that the waves 
reflected from two different atomic layers of a Ni crystal will have a fixed phase 
difference. After reflection, these waves will interfere either constructively or 
destructively. Hence producing a diffraction pattern. 

1.5 HEISENBERG’S UNCERTAINTY PRINCIPLE 

The Heisenberg uncertainty principle, stated in a way that's useful for chemists, is that” 
it's impossible to determine simultaneously with high precision both the momentum and 
position of an electron.” ... Orbitals are based on probability distributions for an electron. 
According to Bohr’s theory, an electron is a material particle and its position as well as 
momentum can be determined with great accuracy. But with the advent of the concept of 
wave 
nature of electron, it has not been possible for us to measure simultaneously the exact 
position 
and velocity of electron. This was suggested by Heisenberg, in 1927. 
Suppose, that Δx is the uncertainty in the measurement of the position and Δp is the 
uncertainty 
in the measurement of momentum of an electron, then 
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This relationship is called uncertainty principle. This equation shows that if Δx is small 
then Δp 
will be large and vice versa. So, if one quantity is measured accurately then the other 
becomes 
less accurate. Hence, certainty in the determination of one quantity introduces uncertainty 
in the 
determination of the other quantity.The uncertainty principle is applicable only for 
microscopic particles like electrons, protonsand neutrons, etc. and has no significance for 
large particles, i.e. macroscopic particles.Compton’s effect can help us understand the 
uncertainty principle, Suppose, we wish todetermine the position of electron. Visible light 
cannot help us, because the wavelength of visiblelight is millions time large as compared 
to the diameter of electron. For this purpose, we have touse X-rays which have very short 
wavelength as compared to that of visible light. When this photonof X-rays strikes an 
electron, the momentum of electron will change. In other words, uncertainty of 
momentum will appear due to change of velocity of electron. Smaller the wavelength of 
X-rays, greater will be the energy of the photon. Hence, the collision of X-rays with 
electron will bring aboutthe greater uncertainty in momentum. So, an effort to determine 
the exact position of electron hasrendered its momentum uncertain. When we use the 
photons of longer wavelength to avoid thechange of momentum, the determination of the 
position of electron becomes impossible. 

1.6 POSTULATES OF QUANTUM MECHANICS 

1. The state of a quantum mechanical system is completely specified by the 

wavefunction . 

2. To every observable in classical mechanics, there corresponds a linear, Hermitian 
operator in quantum mechanics. For example, in coordinate space, the momentum 

operator  corresponding to momentum  in the  direction for a single 

particle is . 

3. In any measurement of the observable associated with operator , the only values 

that will ever be observed are the eigenvalues  which satisfy . 
Although measurements must always yield an eigenvalue, the state does not 

originally have to be in an eigenstate of . An arbitrary state can be expanded in 
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the complete set of eigenvectors of  ( ) as , 
where the sum can run to infinity in principle. The probability of observing 

eigenvalue  is given by . 

4. The average value of the observable corresponding to operator  is given by 

  

5. The wavefunction evolves in time according to the time-dependent Schrödinger 
equation 

 

(4) 

6. The total wavefunction must be antisymmetric with respect to the interchange of all 
coordinates of one fermion with those of another. Electronic spin must be included 
in this set of coordinates. The Pauli exclusion principle is a direct result of this 
antisymmetric principle. 

1.7 DERIVATION OF TIME INDEPENDENT SCHRODINGER’S 
WAVE EQUATION 

Schrodinger wave equation describes the wave function or state function, There are two 
types of Schrodinger equations, time-dependent Schrodinger wave equation, and time-
independent Schrodinger wave equation. These equations were presented by Ervin 
Schrodinger in 1925. 

In classical mechanics, the motion of a body is given by Newton’s second law of motion. 
But elementary particles like electron, protons, and photons possess wave properties as 
well, therefore another equation instead of Newton’s second law equation ( F=ma) is 
required for describing their motion. 

The new equation must take into account wave properties of particles and it should, 
therefore, be similar to the equation describing wave on strings acoustic waves or 
electromagnetic waves. This equation was found in 1926 by the Austrian physicist 
Schrodinger and is known after his name as Schrodinger wave equation. 

Schrodinger wave equation derivation 

Consider a particle of mass “m” moving with velocity “v” in space. Suppose a system of 
stationary waves is 
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 associated with the particles at any point in space in the neighborhood of particle. 

We know that: 

 

19 
 



 

 

 

This is the Schrodinger time-independent wave equation. 
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1.8 Energy Equation for free Motions of Particles in one 
Dimensional Box. 

A particle in a 1-dimensional box is a fundamental quantum mechanical approximation 
describing the translational motion of a single particle confined inside an infinitely deep 
well from which it cannot escape. 

The particle in a box problem is a common application of a quantum mechanical model 
to a simplified system consisting of a particle moving horizontally within an infinitely 
deep well from which it cannot escape. The solutions to the problem give possible values 
of E and ψψ that the particle can possess. E represents allowed energy values 
and ψ(x)ψ(x) is a wavefunction, which when squared gives us the probability of locating 
the particle at a certain position within the box at a given energy level. 

Recipe for Quantum Mechanics 

To solve the problem for a particle in a 1-dimensional box, we must follow our Big, Big 
recipe for Quantum Mechanics: 

1. Define the Potential Energy, VV 

2. Solve the Schrödinger Equation 

3. Solve for the wavefunctions 

4. Solve for the allowed energies 
 
Step 1: Define the Potential Energy V 
 
The potential energy is 0 inside the box (V=0 for 0<x<L) and goes to infinity at the walls 
of the box (V=∞ for x<0 or x>L). We assume the walls have infinite potential energy to 
ensure that the particle has zero probability of being at the walls or outside the box. 
Doing so significantly simplifies our later mathematical calculations as we employ 
these boundary conditions when solving the Schrödinger Equation. 
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Step 2: Solve the Schrödinger Equation 

The time-independent Schrödinger equation for a particle of mass mm moving in one 
direction with energy EE is 

−ℏ22md2ψ(x)dx2+V(x)ψ(x)=Eψ(x)(11.8.1)(11.8.1)−ℏ22md2ψ(x)dx2+V(x)ψ(x)=Eψ(x) 

with 

• ℏℏ is the reduced Planck constant where ℏ=h2πℏ=h2π 

• mm is the mass of the particle 

• ψ(x)ψ(x) is the stationary time-independent wavefunction 

• V(x)V(x) is the potential energy as a function of position 

• EE is the energy, a real number 

This equation can be modified for a particle of mass mm free to move parallel to the x-
axis with zero potential energy (V = 0 everywhere) resulting in the quantum mechanical 
description of free motion in one dimension: 

−ℏ22md2ψ(x)dx2=Eψ(x)(11.8.2)(11.8.2)−ℏ22md2ψ(x)dx2=Eψ(x) 

This equation has been well studied and gives a general solution of: 

ψ(x)=Asin(kx)+Bcos(kx)(11.8.3)(11.8.3)ψ(x)=Asin(kx)+Bcos(kx) 

where A, B, and k are constants. 

Step 3: Define the Wavefunction 

The solution to the Schrödinger equation we found above is the general solution for a 1-
dimensional system. We now need to apply our boundary conditions to find the solution 
to our particular system. According to our boundary conditions, the probability of finding 
t he  pa r t i c le  a t  x=0 x=0  or  x=L x =L  i s  z e ro .  Whe n x= 0 x=0 ,  
t he n  si n (0 )=0 si n (0 )=0  a nd  c os(0 ) =1 c os (0 )=1 ;  
t he re fore ,  B B  mu s t  e qu al  0  t o  fu l f i l l  t h i s  bo und a ry  c o nd i t i on  
g i v i ng :  

ψ(x)=Asin(kx)(11.8.4)(11.8.4)ψ(x)=Asin(kx) 

We can now solve for our constants (AA and kk) systematically to define the 
wavefunction. 
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Solving for kk 
Differentiate the wavefunction with respect to xx: 

dψdx=kAcos(kx)(11.8.5)(11.8.5)dψdx=kAcos(kx) 

Differentiate the wavefunction algain with respect to xx: 

d2ψdx2=−k2Asin(kx)(11.8.6)(11.8.6)d2ψdx2=−k2Asin(kx) 

Since ψ(x)=Asin(kx)ψ(x)=Asin(kx), then 

d2ψdx2=−k2ψ(11.8.7)(11.8.7)d2ψdx2=−k2ψ 

If we then solve for k by comparing with the Schrödinger equation above, we find: 

k=(8π2mEh2)1/2(11.8.8)(11.8.8)k=(8π2mEh2)1/2 

Now we plug kk into our wavefunction (Equation 11.8.411.8.4): 

ψ=Asin(8π2mEh2)1/2x(11.8.9)(11.8.9)ψ=Asin(8π2mEh2)1/2x 

Solving for AA 
To determine A, we have to apply the boundary conditions again. Recall that 
the probability of finding a particle at x=0x=0 or x=Lx=L is zero. 

When x = L: 

0=Asin(8π2mEh2)1/2L(11.8.10)(11.8.10)0=Asin(8π2mEh2)1/2L 

This is only true when 

(8π2mEh2)1/2L=nπ(11.8.11)(11.8.11)(8π2mEh2)1/2L=nπ 

where n=1,2,3,…n=1,2,3,… 

Plugging this back in gives us: 

ψ=AsinnπLx(11.8.12)(11.8.12)ψ=AsinnπLx 

To determine AA, recall that the total probability of finding the particle inside the box is 
1, meaning there is no probability of it being outside the box. When we find the 
probability and set it equal to 1, we are normalizing the wavefunction. 

∫L0ψ2dx=1(11.8.13)(11.8.13)∫0Lψ2dx=1 

For our system, the normalization looks like: 

A2∫L0sin2(nπL)xdx=1(11.8.14)(11.8.14)A2∫0Lsin2(nπL)xdx=1 
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Using the solution for this integral from an integral table, we find our normalization 
constant, AA: 

A=2L−−√(11.8.15)(11.8.15)A=2L 

Which results in the normalized wavefunctions for a particle in a 1-dimensional box: 

ψn=2L−−√sinnπLx(11.8.16)(11.8.16)ψn=2LsinnπLx 

where n=1,2,3,…n=1,2,3,… 

Step 4: Determine the Allowed Energies 

Solving for the energy of each ψψ requires substituting Equation 11.8.1611.8.16 into 
Equation 11.8.211.8.2 to get the allowed energies for a particle in a box: 

En=n2h28mL2(11.8.17)(11.8.17)En=n2h28mL2 

Equation 11.8.1711.8.17 is a very important result and tells us that: 

1. The energy of a particle is quantized. 

2. The lowest possible energy of a particle is NOT zero. This is called the zero-point 
energy and means the particle can never be at rest because it always has some kinetic 
energy. 

This is also consistent with the Heisenberg Uncertainty Principle: if the particle had zero 
energy, we would know where it was in both space and time. 

What does all this mean? 

The wavefunction for a particle in a box at the n=1n=1 and n=2n=2 energy levels look 
like this: 
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The probability of finding a particle a certain spot in the box is determined by 
squaring ψψ. The probability distribution for a particle in a box at 
the n=1n=1 and n=2n=2 energy levels looks like this: 

 

Notice that the number of nodes (places where the particle has zero probability of being 
located) increases with increasing energy n. Also note that as the energy of the particle 
becomes greater, the quantum mechanical model breaks down as the energy levels get 
closer together and overlap, forming a continuum. This continuum means the particle is 
free and can have any energy value. At such high energies, the classical mechanical 
model is applied as the particle behaves more like a continuous wave. Therefore, the 
particle in a box problem is an example of Wave-Particle Duality. 

Important Facts to Learn from the Particle in the Box 

• The energy of a particle is quantized. This means it can only take on discreet 
energy values. 

• The lowest possible energy for a particle is NOT zero (even at 0 K). This means 
the particle always has some kinetic energy. 

• The square of the wavefunction is related to the probability of finding the particle 
in a specific position for a given energy level. 

• The probability changes with increasing energy of the particle and depends on the 
position in the box you are attempting to define the energy for 

• In classical physics, the probability of finding the particle is independent of the 
energy and the same at all points in the box 

1.9 EIGEN VALUES AND EIGEN FUNCTIONS. 

Eigenvalues and Eigen functions. The wave function for a given physical system contains 
the measurable information about the system. ... *"Eigenvalue" comes from the German 
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"Eigenwert" which means proper or characteristic value. "Eigen function" is from "Eigen 
function" meaning "proper or characteristic function". 

 

The wavefunction for a given physical system contains the measurable information about 
the system. To obtain specific values for physical parameters, for example energy, you 
operate on the wavefunction with the quantum mechanical operator associated with that 
parameter. The operator associated with energy is the Hamiltonian, and the operation on 
the wavefunction is the Schrodinger equation. Solutions exist for the time independent 
Schrodinger equation only for certain values of energy, and these values are called 
"eigenvalues*" of energy. 

Corresponding to each eigenvalue is an "eigenfunction*". The solution to the Schrodinger 
equation for a given energy  involves also finding the specific function  which 
describes that energy state. The solution of the time independent Schrodinger equation 
takes the form 

 

The eigenvalue concept is not limited to energy. When applied to a general operator Q, it 
can take the form 

 

if the function ψi is an eigenfunction for that operator. The eigenvalues qi may be 
discrete, and in such cases we can say that the physical variable is "quantized" and that 
the index i plays the role of a "quantum number" which characterizes that state. 

*"Eigenvalue" comes from the German "Eigenwert" which means proper or characteristic value. 
"Eigenfunction" is from "Eigenfunktion" meaning "proper or characteristic function". 
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1.10 Quantum Numbers. 

 

Quantum Numbers 

Quantum numbers describe values of conserved quantities in the dynamics of 
a quantum system. In the case of electrons, the quantum numbers can be defined as "the 
sets of numerical values which give acceptable solutions to the Schrödinger wave 
equation for the hydrogen atom". In more general cases, quantum numbers correspond 
to eigenvalues of operators that commute with the Hamiltonian—quantities that can be 
known with precision at the same time as the system's energy[note 1]—and their 
corresponding eigenspaces. Together, a specification of all of the quantum numbers of a 
quantum system fully characterize a basis state of the system, and can in principle 
be measured together. 

An important aspect of quantum mechanics is the quantization of many observable 
quantities of interest  In particular, this leads to quantum numbers that take values 
in discrete sets of integers or half-integers; although they could approach infinity in some 
cases. This distinguishes quantum mechanics from classical mechanics where the values 
that characterize the system such as mass, charge, or momentum, all range continuously. 
Quantum numbers often describe specifically the energy levels of electrons in atoms, but 
other possibilities include angular momentum, spin, etc. An important family is flavour 
quantum numbers – internal quantum numbers which determine the type of a particle and 
its interactions with other particles through the fundamental forces. Any quantum system 
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can have one or more quantum numbers; it is thus difficult to list all possible quantum 
numbers. quantum numbers specify position of electron in an atom. There are four quantum 
numbers which can describe the electron completely. 

(1) Principal quantum number (n) 
(2) Azimuthal quantum number ( l ) 
(3) Magnetic quantum number (m) 
(4) Spin quantum number (s) Let us discuss these quantum numbers one by one. 

1. Principal Quantum Number (n) 

The different energy levels in Bohr’s atom are represented by ‘n’. This is called principal 
quantum number by Schrodinger. Its values are non-zero, positive integers upto infinity. 

n = 1, 2, 3, 4, 5,........................., 

The value of n represents the shell or energy level in which the electron revolves around 
the 
nucleus. Letter notations K, L, M, N, etc are also used to denote the various shells. For 
example, 
when n =1, it is called K shell, for n = 2, it is L shell and so on. The values of n also 
determine thelocation of electron in an atom, i.e the distance of electron from the nucleus, 
greater the value of‘n’ greater will be the distance of electron from the nucleus. It is a 
quantitative measure of the sizeof an electronic shell, ‘n’ also provides us the energy of 
electron in a shell. Bohr’s results help us toknow the relationships of distance and energy 
of electron. 

 

2. Azimuthal Quantum Number (l) 
It has already been mentioned in the defects of Bohr’s model that a spectrometer of high 
resolving power shows that an individual line in the spectrum is further divided into several 
very fine lines. This thing can be explained by saying that each shell is divided into 
subshells. So, only principal quantum number (n) is not sufcient to explain the line spectrum. 
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There is another subsidiary quantum number called azimuthal quantum number and is used 
to represent the subshells. The values of azimuthal quantum number ( λ ) are 
l =0, 1, 2, 3, .....................................................(n-1) 
 
Its value depends upon n. These values represent different subshells, which are designated 
by small letters, s, p, d, f. They stand for sharp, principal, diffused and fundamental, 
respectively. 
 
These are the spectral terms used to describe the series of lines observed in the atomic 
spectrum. 
The values of azimuthal quantum number always start from zero. 
A subshell may have different shapes depending upon the value of (‘l’). It may be spherical, 
dumb-bell, or some other complicated shapes. The value of ‘l’ is related to the shape of the 
subshell as follows: l = 0 s-subshell spherical l = 1 p-subshell dumb-bell l= 2 d-subshell  
complicated shape) 
l=3                    f –subshell                                  more complex 

 

 

The relationship between principal and azimuthal quantum numbers is as follows.   
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n 1s, 2s, ........, etc, the digit represents the value of principal quantum number.’l ’ values 
also enable us to calculate the total number of electrons in a given subshell. The formula 
for calculating electrons is 2 (2 l + 1). 

when l = 0 s-subshell Total electrons = 2 

  l = 1 p-subshell total electrons = 6 

 l = 2 d-subshell total electrons = 10 

l = 3 f-subshell total electrons = 14 

3. Magnetic Quantum Number (m) 

In the defects of Bohr’s model, it has been mentioned that strong magnetic field splits the 
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spectral lines further. In order to explain this splitting, a third quantum number called the 
magnetic quantum number (m) has been proposed. 
Its values are 
m = 0, ± 1, ± 2, ± 3,.......................... 
The value of ‘m’ depends upon values of ‘ l ’ 

 

4. Spin Quantum Number (s) 

Alkali metals have one electron in their outermost shell. We can record their emission 
spectra, 

when the outermost electron jumps from an excited state to a ground state. When the 
spectra are 

observed by means of high resolving power spectrometer, each line in the spectrum is 
found to 

consist of pair of lines, this is called doublet line structure. We should keep it in mind, 
that doublet line structure is different from the fne spectrum of hydrogen (as we have 
discussed in azimuthal quantum number). 

It should be made clear that lines of doublet line structure are widely separated from each 
other, 
while those of fne structure are closely spaced together. 
In 1925, Goudsmit and Uhlenbech suggested that an electron while moving in an orbital 
around the nucleus also rotates or spins about its own axis either in a clockwise or anti-
clockwise 
direction. This is also called self-rotation. 
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This spinning electron is associated with a magnetic field and hence a magnetic moment. 
Hence, opposite magnetic fields are generated by the clock wise and anti-clockwise spins 
of electrons. This spin motion is responsible for doublet line structure in atom  

.  

The four quantum numbers of all the electrons in the first four shells are summarized in 
Table Notice, that each electron has its own set of quantum numbers and this set is 
different each electron. 
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ASSESSMENT  QUESTIONS 

Q.1 State the main postulate of Bohr,s  theory of hydrogen atom. 

Q.2 Explain   Elementary Treatment of Compton effect and photoelectric effect. 

Q.3 Discuss summer field ‘s modification of Azimuthal Quantum Number 

Q.4  How you will explain Dual nature of matter and its verification. 

Q.5 Details of Heisenberg’s uncertainty principle. 

Q.6 Derive   time independent Schrodinger’s wave equation 

Q.7 Energy equation for free motions of particles in one dimensional box. 

Q.8 Discuss  Postulates of quantum mechanics 

Q.9 What are  Quantum Numbers. 
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INTRODUCTION  

Systems in equilibrium are balanced. For example, if you are running on a treadmill you 
are in constant motion. However, you are not moving forward or backwards. As fast as 
you run forward the treadmill is moving you backwards. You are in equilibrium with the 
treadmill. In the same way chemical reactions can be in equilibrium (the products and 
reactants are produced at the same rate). In this unit, we will begin by exploring chemical 
equilibrium in more detail. Ways of measuring equilibrium and the factors that affect 
equilibrium will also be covered. 

OBJECTIVES 

By the end of this unit, you will be able to: 

1. Describe the concept of dynamic equilibrium 

2. Calculate equilibrium constants from data set and modify equilibrium constants 
(mathematically) when reactions are altered 

3. Relate Kc and Kp 

4. Calculate equilibrium concentrations from initial conditions use ICE tables (simple, 
quadratic and assumption) 

5. Predict the direction of a reaction from a reaction quotient and equilibrium constant 

6. Describe Le Chatelier's Principle 

7. Predict direction of change of reaction based upon changes in reaction conditions 
(temperature, addition of reactants or products, volume change) 
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2.1 REVERSIBLE REACTION AND DYNAMIC EQUILIBRIUM 

A reversible reaction is the one in which the products once formed can react to form 
reactants. Such reaction never goes to completion even if the stoichiometric amounts of 
reactants are taken. These reactions take place both in forward and backward directions 
under the existing conditions. Some examples of the reversible reactions are given below: 

𝑁𝑁2(𝑔𝑔) +  3𝐻𝐻2 (𝑔𝑔) ⇋2𝑁𝑁𝐻𝐻3 (g) 

2𝑁𝑁𝑁𝑁2 (g) ⇋𝑁𝑁2𝑁𝑁4 (g) 

2NO (g) + 𝐶𝐶𝐶𝐶2 (g) ⇋ 2NOCl (g) 

𝑃𝑃𝐶𝐶𝐶𝐶5 (g) ⇋𝑃𝑃𝐶𝐶𝐶𝐶3(𝑔𝑔) + 𝐶𝐶𝐶𝐶2(𝑔𝑔) 

The double arrow ⇋ shows that the reaction is reversible. 

Consider the reaction between steam and carbon monoxide under appropriate conditions. 
On mixing macroscopic changes are observed. (e.g changes in concentration) 

Suppose that reaction is started with the same number of the moles of the both reactants. 
When steam and carbon monoxide are mixed, a maximum number of collisions per 
second between them will occur. Therefore the forward reaction has its maximum speed 
at beginning. This leads to a decrease in concentration of reactants. 

𝐻𝐻2𝑁𝑁 (𝑔𝑔) + 𝐶𝐶𝑁𝑁 (𝑔𝑔) ⇋  𝐻𝐻2(𝑔𝑔) + 𝐶𝐶𝑁𝑁2(𝑔𝑔) 

As 𝐻𝐻2𝑁𝑁 and 𝐶𝐶𝑁𝑁2 are gradually used up, the forward reaction gradually slows down. As 
the 𝐻𝐻2 and carbon dioxide accumulates the reverse reactions also starts. With the increase 
in concentration of 𝐻𝐻2 and 𝐶𝐶𝑁𝑁2 more and more collisions per second between these 
molecules occurs. Therefore reverse reaction proceed with the increasing speed. This 
means that the forward reaction starts with the maximum speed and gradually slows 
down, whereas the reverse reaction starts at zero speed and gradually increases its speed. 

𝐻𝐻2(𝑔𝑔) +  𝐶𝐶𝑁𝑁2(𝑔𝑔) →  𝐻𝐻2𝑁𝑁(𝑔𝑔) + 𝐶𝐶𝑁𝑁(𝑔𝑔) 

Eventually a times occurs when both the reactions proceed at same speed. The reaction at 
this stage is said to be in chemical equilibrium. The concentration of reactants and 
products becomes constant. 

𝐻𝐻2𝑁𝑁 (𝑔𝑔) + 𝐶𝐶𝑁𝑁 (𝑔𝑔) ⇋  𝐻𝐻2(𝑔𝑔) + 𝐶𝐶𝑁𝑁2(𝑔𝑔) 
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Unless the system is somehow disturbed no 
further changes in concentration will occur. 
The state of reversible reaction at which the 
composition of the reaction mixture does not 
change is called the state of chemical 
equilibrium. The plots of the concentration of 
reactants and products versus time are shown 
below. 

A dynamic equilibrium exists once a reversible reaction occurs. Substances transition 
between the reactants and products at equal rates, meaning there is no net change. 
Reactants and products are formed at such a rate that the concentration of neither 
changes. It is a particular example of a system in a steady state. In thermodynamics, 
a closed system is in thermodynamic equilibrium when reactions occur at such rates that 
the composition of the mixture does not change with time.  

2.2 THE EQUILIBRIUM CONSTANT 

Two chemists C.M Gulberg and P. Wage in 1864 proposed the law of mass action as a 
general description of the equilibrium state. 

It states that “the rate at which a substance reacts is proportional to its active mass and the 
rate of the chemical reaction is proportional to the product of the active masses of the 
reacting substances”. It can also be defined as the rate of chemical reaction id 
proportional to the product of the molar concentration of each reacting substance raised 
to a power equal to its stoichiometric coefficient in the balanced chemical equation. The 
term active masses mean, the concentration of reactants and products in moles 𝑑𝑑𝑑𝑑−3 for 
a dilute solution. Consider the following general reaction. 

aA + bB ⇋cC + dD 

Where A, B, C and D represent the chemical species and a, b, c and d are their 
coefficients in the balanced equation. According to the law of mass action 

Rate of forward reaction 𝑅𝑅𝑓𝑓 ∝ [𝐴𝐴]𝑎𝑎[𝐵𝐵]𝑏𝑏  

                                            =𝑘𝑘𝑓𝑓 [𝐴𝐴]𝑎𝑎[𝐵𝐵]𝑏𝑏 

Rate of reverse reaction 𝑅𝑅𝑟𝑟  ∝  [𝐶𝐶]𝑐𝑐[𝐷𝐷]𝑑𝑑  

                                            = 𝑘𝑘𝑟𝑟 [𝐶𝐶]𝑐𝑐[𝐷𝐷]𝑑𝑑  

Where 𝑘𝑘𝑓𝑓  𝑎𝑎𝑎𝑎𝑑𝑑 𝑘𝑘𝑟𝑟  are the constants for the forward and backward reactions. 

At equilibrium 
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Rate of forward reaction = Rate of reverse reaction 

𝑘𝑘𝑓𝑓[𝐴𝐴]𝑎𝑎[𝐵𝐵]𝑏𝑏 = 𝑘𝑘𝑟𝑟 [𝐶𝐶]𝑐𝑐[𝐷𝐷]𝑑𝑑  

𝐾𝐾𝑐𝑐= 
[𝐶𝐶]𝑐𝑐[𝐷𝐷]𝑑𝑑

[𝐴𝐴]𝑎𝑎[𝐵𝐵]𝑏𝑏  

Where 𝐾𝐾𝑐𝑐= 
𝑘𝑘𝑓𝑓

𝑘𝑘𝑟𝑟
and is known as the equilibrium constant, and the above equation is known 

as equilibrium constant expression. Thus the equilibrium constant expression can be 
written from its balanced equation. Concentration of products are taken in numerator and 
concentration of reactant in denominator. 

Example 

H2 (g) + I2 (g) ⇄ 2 HI (g) 

𝐾𝐾𝑐𝑐= 
2𝐻𝐻𝐻𝐻

[𝐻𝐻2] [𝐻𝐻2]
 

2.2.1 Unit of Equilibrium Constant 

Equilibrium constant will have no unit it the no. of the moles of reactant are equal to the 
no. of the moles of product. For example 

𝐶𝐶𝑁𝑁 (𝑠𝑠) + 𝐻𝐻2𝑁𝑁 (𝑔𝑔) ⇋ 𝐶𝐶𝑁𝑁2 (𝑔𝑔) + 𝐻𝐻2 (𝑔𝑔) 

 

𝐾𝐾𝑐𝑐 =  
[𝐻𝐻2][𝐶𝐶𝑁𝑁]

[𝐻𝐻2𝑁𝑁]
 

 

𝐾𝐾𝑐𝑐 =  
[𝑑𝑑𝑚𝑚𝐶𝐶𝑚𝑚𝑑𝑑𝑑𝑑−3][𝑑𝑑𝑚𝑚𝐶𝐶𝑚𝑚𝑑𝑑𝑑𝑑−3]
[𝑑𝑑𝑚𝑚𝐶𝐶𝑚𝑚𝑑𝑑𝑑𝑑−3][𝑑𝑑𝑚𝑚𝐶𝐶𝑚𝑚𝑑𝑑𝑑𝑑−3]

 

𝐾𝐾𝑐𝑐 =  𝑁𝑁𝑚𝑚 𝑢𝑢𝑎𝑎𝑢𝑢𝑢𝑢𝑠𝑠 

But if the no. of moles of product and reactants are no equal then 𝐾𝐾𝑐𝑐 will have unit. For 
example 
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𝑁𝑁2(𝑔𝑔)  + 3𝐻𝐻2(𝑔𝑔) ⇌ 2𝑁𝑁𝐻𝐻3 (𝑔𝑔)     

𝐾𝐾𝑐𝑐 =  
[𝑁𝑁𝐻𝐻3]2

[𝑁𝑁2][𝐻𝐻2]3 

𝐾𝐾𝑐𝑐 =  
[𝑑𝑑𝑚𝑚𝐶𝐶𝑚𝑚𝑑𝑑𝑑𝑑−3]2

[𝑑𝑑𝑚𝑚𝐶𝐶𝑚𝑚𝑑𝑑𝑑𝑑−3][𝑑𝑑𝑚𝑚𝐶𝐶𝑚𝑚𝑑𝑑𝑑𝑑−3]3 

𝐾𝐾𝑐𝑐 =  𝑑𝑑𝑚𝑚𝐶𝐶𝑚𝑚−2𝑑𝑑𝑑𝑑+6 

2.2.2 Types of Equilibrium  

With respect to the physical state of reactant and products there are two types of 
equilibrium. 

i. Homogeneous Equilibria 

An equilibrium in which all the reactants and ptoducts are in the same phase. For 
example: 

𝐻𝐻2𝑁𝑁(𝑔𝑔) + 𝐶𝐶𝑁𝑁(𝑔𝑔) ⇋  𝐻𝐻2(𝑔𝑔) + 𝐶𝐶𝑁𝑁2(𝑔𝑔) 

𝑁𝑁2(𝑔𝑔)  + 3𝐻𝐻2(𝑔𝑔) ⇌ 2𝑁𝑁𝐻𝐻3 (𝑔𝑔)     

2𝑆𝑆𝑁𝑁2(𝑔𝑔) + 𝑁𝑁2(𝑔𝑔) ⇌ 2𝑆𝑆𝑁𝑁3 (𝑔𝑔) 

2𝑁𝑁𝑁𝑁 (𝑔𝑔) + 𝐶𝐶𝐶𝐶2 (𝑔𝑔)  ⇋ 2𝑁𝑁𝑁𝑁𝐶𝐶𝐶𝐶 (𝑔𝑔) 

𝐶𝐶𝐻𝐻3𝐶𝐶𝑁𝑁𝑁𝑁𝐻𝐻(𝐶𝐶) +  𝐶𝐶2𝐻𝐻5𝑁𝑁𝐻𝐻(𝐶𝐶) ⇋   𝐶𝐶𝐻𝐻3𝐶𝐶𝑁𝑁𝑁𝑁𝐶𝐶2𝐻𝐻5(𝐶𝐶) + 𝐻𝐻2𝑁𝑁 (𝐶𝐶) 

ii. Heterogeneous Equilibria  

A heterogeneous equilibrium is more complicated than homogeneous because it has 
species present in more than one phase. Writing an expression for Kcfor a heterogeneous 
equilibrium is similar to homogeneous reactions, with the important difference that you 
don't include any term for a solid in the equilibrium expression. For example 

 

𝐶𝐶𝑎𝑎𝐶𝐶𝑁𝑁3(𝑠𝑠)  ⇌ 𝐶𝐶𝑎𝑎𝑁𝑁 (𝑠𝑠) + 𝐶𝐶𝑁𝑁2(𝑔𝑔) 

𝐶𝐶 (𝑠𝑠) + 𝐻𝐻2𝑁𝑁 (𝑔𝑔) ⇋ 𝐶𝐶𝑁𝑁 (𝑔𝑔) + 𝐻𝐻2 (𝑔𝑔) 

𝑃𝑃4(𝑠𝑠) + 5𝑁𝑁2(𝑔𝑔)  ⇋   𝑃𝑃4𝑁𝑁10 (𝑠𝑠) 

𝐶𝐶6𝐻𝐻12𝑁𝑁6(𝑠𝑠) + 6𝑁𝑁2(𝑔𝑔) ⇋  6𝐶𝐶𝑁𝑁2(𝑔𝑔) + 6𝐻𝐻2𝑁𝑁 (𝑔𝑔) 
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Note: - Pure solids and pure liquids have activities that are equal to 1 so the change in 
concentration has no effect on equilibrium condition. H2O is one of the most common 
liquids dealt with in reactions. Remember to set its activity equal to 1 when it is 
a liquid in a reaction. However, if H2O is written as a gas, then its concentration must be 
considered. 

Problems 

Write the 𝐾𝐾𝑐𝑐 expression for the fowllowing 

i. 𝐶𝐶𝑢𝑢 (𝑠𝑠) + 2𝐴𝐴𝑔𝑔+(𝑎𝑎𝑎𝑎) ⇋   𝐶𝐶𝑢𝑢+2(𝑎𝑎𝑎𝑎) + 2𝐴𝐴𝑔𝑔 (𝑠𝑠) 

Solution:-  𝐾𝐾𝑐𝑐 =  [𝐶𝐶𝑢𝑢 +2]
[𝐴𝐴𝑔𝑔+]2 

ii. 𝐶𝐶𝑎𝑎𝐶𝐶𝑁𝑁3 (𝑠𝑠) ⇋ 𝐶𝐶𝑁𝑁2(𝑔𝑔) + 𝐶𝐶𝑎𝑎𝑁𝑁 (𝑠𝑠) 

Solution:-  𝐾𝐾𝑐𝑐 = [𝐶𝐶𝑁𝑁2] 

iii. 𝐶𝐶 (𝑠𝑠) + 𝐻𝐻2𝑁𝑁 (𝑔𝑔) ⇋ 𝐶𝐶𝑁𝑁 (𝑔𝑔) + 𝐻𝐻2 (𝑔𝑔) 

Solution:-  𝐾𝐾𝑐𝑐 =  [𝐻𝐻2][𝐶𝐶𝑁𝑁]
[𝐻𝐻2𝑁𝑁]

 

2.2.3 Applications of Equilibrium Constant 

1) The Direction of a Reaction 

The equilibrium constant can be used to predict the direction of the reaction. We need a 
term, reaction quotient (Qc expressed in terms of concentrations or Qp in terms of partial 
pressures) similar to the equilibrium constant except that the conditions are not at 
equilibrium. 

For a balanced chemical reaction, 

𝑎𝑎𝐴𝐴 +  𝑏𝑏𝐵𝐵 ⇌  𝑐𝑐𝐶𝐶 +  𝑑𝑑𝐷𝐷 

Reaction quotient (Qc or Qp) is given as: 

𝑸𝑸𝒄𝒄 =  
[𝐶𝐶]𝑐𝑐[𝐷𝐷]𝑑𝑑
[𝐴𝐴]𝑎𝑎[𝐵𝐵]𝑏𝑏

 

𝑸𝑸𝒑𝒑 =  
𝑃𝑃𝐶𝐶

𝑐𝑐 ×  𝑃𝑃𝐷𝐷
𝑑𝑑

𝑃𝑃𝐴𝐴
𝑎𝑎 ×  𝑃𝑃𝐵𝐵

𝑏𝑏  
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Comparison with Kc and the direction of Reaction: 

• If Q = Kc, the reaction is in equilibrium [Where, Kc = equilibrium constant] 

• If Q > Kc, Q will tend to decrease so as to become equal to K. As a result, the 
reaction will proceed in the backward direction. 

• If Q < Kc, Q will tend to increase so as to become equal to K. As a result, the 
reaction will proceed in the forward direction. 

2) Equilibrium Constant for Predicting the Extent of Reaction 

The equilibrium constant (Kc) can be used to predict the extent of a reaction, i.e. the 
degree of the disappearance of the reactants. The magnitude of the equilibrium constant 
gives an idea of the relative amount of the reactants and the products. 

Case 1: The larger value of the equilibrium constant (>103) shows that forward reaction 
is favored i.e. the concentration of products is much larger than that of the reactants at 
equilibrium. 

For Example: 

• H2(g) + Br2(g)⇌ 2HBr(g) ⇒ Kc = 5.4×1018 

• H2(g) + Cl2(g)⇌ 2HCl(g) ⇒ Kc = 4×1031 

• H2(g) + 12O2(g) ⇌ H2O(g) ⇒ Kc = 2.4×1047 

This shows that at equilibrium, concentration of the products is very high , i.e. reaction 
go almost to completion. 

Case 2: Intermediate value of equilibrium constant (10-3 to 103) show that the 
concentration of the reactants and products are comparable. 

For Example: 

• Fe3 (aq) + SCN (aq) ⇌ [Fe(SCN)]2 (aq) ⇒ Kc = 138 at 298 K 

• H2 (g) + I2 (g) ⇌ 2HI (g) ⇒ Kc = 57 at 700 K. 

Case 3: Low value of equilibrium constant (<10-3) shows that backward reaction is 
favored i.e. concentration of reactants is much larger than that of products i.e. the reaction 
proceeds to a very small extent in the forward direction. 
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For Example: 

• N2 (g) + O2 (g) ⇌ 2NO (g) ⇒ Kc =4.8 × 10-31 at 298K 

• H2O (g) ⇌ H2 (g) + 1/2 O2 (g) ⇒ Kc = 4.1 × 10-48 

2.3 EQUILIBRIUM EXPRESSION INVOLVING PARTIAL 
PRESSURE, NUMBER OF MOLES AND MOLE FRACTION 

Consider this general equation for a gas-phase reaction: 

aA + bB ⇌ cC + dD 

According to Henry Law “At constant temperature, the partial pressure of gas is directly 
proportional to its molar concentration”. The formula uses the partial pressures, PA, PB, 
PC, and PD, raised to exponents equal to their respective coefficients in the chemical 
equation. Kp is calculated as follows: 

𝐾𝐾𝑃𝑃= 𝑃𝑃𝐶𝐶  
𝑐𝑐 × 𝑃𝑃𝐷𝐷

𝑑𝑑

𝑃𝑃𝐴𝐴
𝑎𝑎 × 𝑃𝑃𝐵𝐵

𝑏𝑏  

Where𝑃𝑃𝐴𝐴 𝑃𝑃𝐵𝐵𝑃𝑃𝐶𝐶 𝑎𝑎𝑎𝑎𝑑𝑑 𝑃𝑃𝐷𝐷 are partial pressures of gas A, B,  and D respectively 𝐾𝐾𝑝𝑝 is related 
with 𝐾𝐾𝐶𝐶 by the following equation. 

𝐾𝐾𝑃𝑃 =  𝐾𝐾𝐶𝐶(𝑅𝑅𝑅𝑅)∆𝑎𝑎  

Where ∆n is the difference between the total number of moles of the products and the 
reactants. 

When equilibrium concentration of reactants and products are expressed in the terms of 
their moles, the equilibrium constant is represented by 𝐾𝐾𝑎𝑎  and is given by the following 
equation. 

𝐾𝐾𝑎𝑎 =  
𝑎𝑎𝐶𝐶

𝑐𝑐  × 𝑎𝑎𝐷𝐷
𝑑𝑑

𝑎𝑎𝐴𝐴
𝑎𝑎 × 𝑎𝑎𝐵𝐵

𝑏𝑏  

Where 𝑎𝑎𝐴𝐴𝑎𝑎𝐵𝐵𝑎𝑎𝐶𝐶 𝑎𝑎𝑎𝑎𝑑𝑑 𝑎𝑎𝐷𝐷 are the moles of A, B, C and D respectively at the equilibrium 
state. 𝐾𝐾𝑃𝑃 is also related with 𝐾𝐾𝑎𝑎 . 

𝐾𝐾𝑃𝑃 =  𝐾𝐾𝑎𝑎 �
𝑃𝑃
𝑁𝑁

� ∆𝑎𝑎
 

Where P is the pressure of the reaction mixture at equilibrium and N  is the total no. of 
moles of reactants and products as shown by the balanced equation. 

When the equilibrium concentration of the reactants and products are expressed by their 
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mole fraction, the equilibrium constant is expressed by 𝐾𝐾𝑥𝑥 and is given by the following 
equation. 

𝐾𝐾𝑥𝑥 =  
𝑋𝑋𝐶𝐶

𝑐𝑐 ×  𝑋𝑋𝐷𝐷
𝑑𝑑

𝑋𝑋𝐴𝐴
𝑎𝑎  × 𝑋𝑋𝐵𝐵

𝑏𝑏 

Where 𝑋𝑋𝐴𝐴𝑋𝑋𝐵𝐵𝑋𝑋𝐶𝐶 𝑎𝑎𝑎𝑎𝑑𝑑 𝑋𝑋𝐷𝐷 are mole fractions of A, B,C and D respectively. 𝐾𝐾𝑃𝑃 is related 
with  𝐾𝐾𝑋𝑋 by the following equation. 

𝐾𝐾𝑃𝑃 =  𝐾𝐾𝑋𝑋(𝑃𝑃)∆𝑎𝑎  

Where P is the pressure of equilibrium mixture. 

2.4 FACTORS AFFECTING EQUILIBRIUM 

It is important to understand the factors which effect the equilibrium position. We can 
predict the effect of various factors such as concentration, pressure and temperature on 
the system at equilibrium by using Le Chatelier’s Principle. It states that “if a change is 
imposed on a system at equilibrium, the position of equilibrium will shift in a direction 
which tends to reduce that change”. 

If a system at equilibrium is disturbed by a change in temperature, pressure, or 
concentration of one of the components, the system will shift its equilibrium position so 
as to contract the disturbance. 

2.4.1 The effect of change in concentration 

According to Le Chatelier’s principle, adding additional reactant to a system will shift the 
equilibrium to the right, towards the side of the products. By the same logic, reducing the 
concentration of any product will also shift equilibrium to the right. 

The converse is also true. If we add additional product to a system, the equilibrium will 
shift to the left, in order to produce more reactants. Or, if we remove reactants from the 
system, equilibrium will also be shifted to the left. 

Thus, according to Le Chatelier’s principle, reversible reactions are self-correcting; when 
they are thrown out of balance by a change in concentration, temperature, or pressure, the 
system will naturally shift in such a way as to “re-balance” itself after the change. 

This can be illustrated by the equilibrium of this reaction, where carbon monoxide and 
hydrogen gas react to form methanol: 

𝐶𝐶𝑁𝑁 + 2𝐻𝐻2   ⇌  𝐶𝐶𝐻𝐻3𝑁𝑁𝐻𝐻 

Suppose we were to increase the concentration of CO in the system. By Le Chatelier’s 
principle, we can predict that the amount of methanol will increase, thereby decreasing 
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the total change in CO. If we add a species to the overall reaction, the reaction will favor 
the side opposing the addition of the species. Likewise, the subtraction of a species would 
cause the reaction to fill the “gap” and favor the side where the species was reduced. 

This observation is supported by the collision theory. As the concentration of CO is 
increased, the frequency of successful collisions of that reactant would increase as well, 
allowing for an increase in the forward reaction, and thus the generation of the product. 
Even if a desired product is not thermodynamically favored, the end-product can be 
obtained if it is continuously removed from the solution. 

2.4.2 The effect of Pressure change 

A change in pressure or volume will result in an attempt to restore equilibrium by 
creating more or less moles of gas. For example, if the pressure in a system increases, or 
the volume decreases, the equilibrium will shift to favor the side of the reaction that 
involves fewer moles of gas. Similarly, if the volume of a system increases or the 
pressure decreases, the production of additional moles of gas will be favored. 

Consider the reaction of nitrogen gas with hydrogen gas to form ammonia: 

𝑁𝑁2(𝑔𝑔)  + 3𝐻𝐻2(𝑔𝑔) ⇌ 2𝑁𝑁𝐻𝐻3 (𝑔𝑔)     

Note the number of moles of gas on the left-hand side and the number of moles of gas on 
the right-hand side. When the volume of the system is changed, the partial pressures of 
the gases change. If we were to decrease pressure by increasing volume, the equilibrium 
of the above reaction would shift to the left, because the reactant side has greater number 
of moles than the product side. The system tries to counteract the decrease in partial 
pressure of gas molecules by shifting to the side that exerts greater pressure. 

Similarly, if we were to increase pressure by decreasing volume, the equilibrium would 
shift to the right, counteracting the pressure increase by shifting to the side with fewer 
moles of gas that exert less pressure. 

Lastly, for a gas-phase reaction in which the number of moles of gas on both sides of the 
equation are equal, the system will be unaffected by changes in pressure, since 𝛥𝛥𝑎𝑎 = 0. 

Problem 

a. Consider the decomposition of 

2𝑁𝑁𝑁𝑁𝐶𝐶𝐶𝐶 (𝑔𝑔) ⇋ 2𝑁𝑁𝑁𝑁(𝑔𝑔) + 𝐶𝐶𝐶𝐶2(𝑔𝑔) 

In which direction will the reaction shift if the overall pressure is decreased? Does this 
favor the forward reaction or the reverse reaction? 
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Solution 

There are 2 moles of gas particles on the side of the reactants, and 3 moles of gas 
particles on the side of the products. (Note: 2 moles on the reactant's side come from 2 
moles NOCl; 3 moles on the product's comes from 2 moles NO + 1 mole Cl2.). A 
decrease in pressure favors the side with more particles. The reaction will shift towards 
the products, and will favor the forward reaction. 

b. Consider the decomposition of HBr 

2𝐻𝐻𝐵𝐵𝑟𝑟 (𝑔𝑔) ⇋  𝐻𝐻2(𝑔𝑔) +  𝐵𝐵𝑟𝑟2(𝑔𝑔) 

In which direction will the reaction shift when overall pressure is increased? Which 
direction will it shift when overall pressure is decreased? 

Solution 
There are 2 moles of gas particles on the side of the reactants, and 2 moles of gas 
particles on the side of the products. Increasing pressure favors the side with fewer 
particles, and decreasing pressure favors the side with more particles. However, because 
there is an equal number of particles on both sides, change in pressure will have no effect 
on the system 
c. Consider the decomposition of 𝑀𝑀𝑔𝑔𝐶𝐶𝑁𝑁3 

𝑀𝑀𝑔𝑔𝐶𝐶𝑁𝑁3 (𝑠𝑠)  ⇋ 𝑀𝑀𝑔𝑔𝑁𝑁 (𝑠𝑠) + 𝐶𝐶𝑁𝑁2 (𝑔𝑔) 

Will the formation of MgCO3 or the decomposition of MgCO3 occur faster if the overall 
pressure is increased? 

Solution 

There are 0 moles of gas particles on the side of the reactants, and 1 mole of gas particles 
on the side of the products. 

Increasing the pressure favors the side with fewer particles, so the reaction favors the 
reactants. The products are the decomposition of MgCO3, while the reactants are the 
formation of MgCO3.The formation of MgCO3 is favored, meaning that the formation of 
MgCO3 will occur faster than its decomposition. 

Addition of an Inert Gas 

What would happen to the equilibrium position of the reaction if an inert gas, such as 
krypton or argon, were added to the reaction vessel? Answer: nothing at all. Remember 
that the system will always shift so that the ratio of products and reactants remains equal 
to Kp or Kc. An inert gas will not react with either the reactants or the products, so it will 
have no effect on the product/reactant ratio, and therefore, it will have no effect on 
equilibrium. 
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2.4.3 The effect of change in temperature 

The effect of temperature on equilibrium has to do with the heat of reaction. Recall that 
for an endothermic reaction, heat is absorbed in the reaction, and the value of ΔHΔH is 
positive. Thus, for an endothermic reaction, we can picture heat as being a reactant: 

ℎ𝑚𝑚𝑎𝑎𝑢𝑢 + 𝐴𝐴 ⇌ 𝐵𝐵          𝛥𝛥𝐻𝐻 = + 

 For an exothermic reaction, the situation is just the opposite. Heat is released in the 
reaction, so heat is a product, and the value of ΔHΔH is negative: 

𝐴𝐴 ⇌ 𝐵𝐵 + ℎ𝑚𝑚𝑎𝑎𝑢𝑢          𝛥𝛥𝐻𝐻 = − 

If we picture heat as a reactant or a product, we can apply Le Chatelier’s principle just 
like we did in our discussion on raising or lowering concentrations. For instance, if we 
raise the temperature on an endothermic reaction, it is essentially like adding more 
reactant to the system, and therefore, by Le Chatelier’s principle, the equilibrium will 
shift the right. Conversely, lowering the temperature on an endothermic reaction will shift 
the equilibrium to the left, since lowering the temperature in this case is equivalent to 
removing a reactant. 

For an exothermic reaction, heat is a product. Therefore, increasing the temperature will 
shift the equilibrium to the left, while decreasing the temperature will shift the 
equilibrium to the right. 

SELF CHECK 

In which direction will the equilibrium shift if the temperature is raised on the following 
reaction? 

𝑁𝑁2𝑁𝑁4(𝑔𝑔) ⇌ 2𝑁𝑁𝑁𝑁2(𝑔𝑔)             𝛥𝛥𝐻𝐻 = +57.2 

Our heat of reaction is positive, so this reaction is endothermic. Since this reaction is 
endothermic, heat is a reactant. By Le Chatelier’s principle, increasing the temperature 
will shift the equilibrium to the right, producing more NO2. 

2.4.4 The Effect of Catalyst 

Reactions can be sped up by the addition of a catalyst, including reversible reactions 
involving a final equilibrium state. Recall that for a reversible reaction, the equilibrium 
state is one in which the forward and reverse reaction rates are equal. In the presence of a 
catalyst, both the forward and reverse reaction rates will speed up equally, thereby 
allowing the system to reach equilibrium faster. However, it is very important to keep in 
mind that the addition of a catalyst has no effect whatsoever on the final 
equilibrium position of the reaction. It simply gets it there faster. 
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Recall that catalysts are compounds that accelerate the progress of a reaction without 
being consumed. Common examples of catalysts include acid catalysts and enzymes. 
Catalysts allow reactions to proceed faster through a lower-energy transition state. By 
lowering the energy of the transition state, which is the rate-limiting step, catalysts reduce 
the required energy of activation to allow a reaction to proceed and, in the case of a 
reversible reaction, reach equilibrium more rapidly. 

2.5 INDUSTRIAL APPLICATION OF LE CHATELIER’S 
PRINCIPLE 

The Haber process, also called the Haber–Bosch process, is an artificial nitrogen 
fixation process and is the main industrial procedure for the production of 
ammonia today. It is named after its inventors, the German chemists Fritz Haber and Carl 
Bosch, who developed it in the first decade of the 20th century. The process converts 
atmospheric nitrogen (N2) to ammonia (NH3) by a reaction with hydrogen (H2) using a 
metal catalyst under high temperatures and pressures: 

𝑁𝑁2(𝑔𝑔) + 3𝐻𝐻2(𝑔𝑔) ⇌ 2𝑁𝑁𝐻𝐻3 (𝑔𝑔)        ∆𝐻𝐻 =  −91.8𝐾𝐾𝐾𝐾/𝑑𝑑𝑚𝑚𝐶𝐶 

The raw materials for the process are 

• Air, which supplies the nitrogen. 

• Natural gas and water which supply the hydrogen and the energy needed to heat the 
reactants. 

• Iron which is the catalyst and does not get used up. 

 

1. As per the diagram, in the Haber process, we take nitrogen gas from the air and 
combine it with hydrogen atom obtained from natural gas in the ratio 1:3 by 
volume. 
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2. The gases are passed through four beds of catalyst, with cooling takes place in each 
pass. This is done to maintain equilibrium constant. 

3. While different levels of conversion occur in each pass where unreacted gases are 
recycled. 

4. Normally an iron catalyst is used in the process, and the whole procedure is 
conducted by maintaining a temperature of around 400 – 450oC and a pressure of 
150 – 200 atm. 

5. The process also involves steps like shift conversion, carbon dioxide removal, 
steam reforming, and methanation. 

6. In the final stage of the process, the ammonia gas is cooled down to form a liquid 
solution which is then collected and stored in storage containers. 

2.5.1 Reaction Rate and Equilibrium 

The Haber process for the synthesis of ammonia is based on the reaction of nitrogen and 
hydrogen. The chemical reaction is given below. Notably, in this process, the reaction is 
an exothermic reaction one where there is a release of energy. 

N2 (g) + 3H2 (g) → 2NH3 (g) 

Nitrogen in the reaction is obtained by separating nitrogen from the air through 
liquefaction and hydrogen is obtained from natural gas by steam reforming. 

CH4 (g) + H2O → H2 (g) + CO (g) 

According to Le Chatelier’s principle, the production of ammonia is favoured by high 
pressure and low temperature. The Haber process is typically carried out at pressures 
between 200 and 400 atmospheres and temperature of 500oC. In the commercial 
production of ammonia, NH3 is continuously removed as it is produced. Removing the 
products causes more nitrogen and hydrogen to combine according to Le Chatelier’s 
principle. 

The reaction is a reversible reaction. However, the reaction is affected by changes in 
temperature, pressure and catalyst used mainly in the composition of the equilibrium 
mixture, the rate of the reaction and the economics of the whole process. 

2.5.2 Uses of Ammonia 

Ammonia which is produced is one product that is essential in many areas. Some of the 
uses of ammonia include; 

• Agricultural uses: Production of ammonia is important as it is one of the main 
components in making fertilizers. 

50 
 

https://byjus.com/chemistry/exothermic-reaction/
https://byjus.com/chemistry/nitrogen/


 

• Explosives: Ammonia produced is used in making nitro-based explosives including 
TNT, RDX, etc. 

• Pharma: It is used in manufacturing certain types of drugs such as sulfonamide, 
antimalarial, and vitamins such as thiamine and nicotinamide. 

• Refrigeration: It is also used in large-scale refrigeration plants, air-conditioning 
units in Buildings, etc. 

• Consumer Products: Ammonia is used in various cleaning products and acts as an 
effective cleaning agent. 

 

Self-assessment Questions: 

1. Write the 𝐾𝐾𝑐𝑐and𝐾𝐾𝑃𝑃expression for the following equation 

𝟑𝟑𝑨𝑨(𝒈𝒈) + 𝑩𝑩(𝒔𝒔) ⇌ 𝟐𝟐𝑪𝑪(𝒈𝒈) + 𝟒𝟒𝑫𝑫(𝒔𝒔) 

Solution 

𝐾𝐾𝑐𝑐 =
[𝐶𝐶]2[𝐷𝐷]4

[𝐴𝐴]3 [𝐵𝐵]
 

𝐾𝐾𝑃𝑃= 𝑃𝑃𝐶𝐶  
2 × 𝑃𝑃𝐷𝐷

4

𝑃𝑃𝐴𝐴
3× 𝑃𝑃𝐵𝐵

1  

2. In a chemical reaction, one part chemical A(s) forms one part chemical B(s) and 2 
parts of chemical C (aq). Find the concentration of C present at equilibrium. The reaction 
can be written as 

𝐴𝐴(𝑠𝑠) ⇌ 𝐵𝐵(𝑠𝑠) + 2𝐶𝐶(𝑎𝑎𝑎𝑎)        𝐾𝐾𝑐𝑐 = 4.5 × 102 

Solution 

Since A and B are both solids, their activities are equal to 1. So, the equilibrium constant 
expression would be, 

𝐾𝐾𝑐𝑐 =
[1][𝐶𝐶]2

1
 

4.5 × 102 = [𝐶𝐶]2 

√4.5 × 102= [C] 

[C] = 21.2 
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3. If an equilibrium reaction is endothermic, what happens to the equilibrium constant 
if the temperature of the reaction is increased? if the temperature is decreased? 

Solution  

According to Le Chatelier’s principle, equilibrium will shift in the direction to counteract 
the effect of a constraint (such as concentration of a reactant, pressure, and temperature). 
Thus, in an endothermic reaction, the equilibrium shifts to the right-hand side when the 
temperature is increased which increases the equilibrium constant and the equilibrium 
shifts to the left-hand side when the temperature is decreased which decreases the 
equilibrium constant. 

4. Explain what each of the following values for KK tells you about the relative 
concentrations of the reactants versus the products in a given equilibrium 
reaction: K=0.892; K=3.25×108; K=5.26×10−11. Are products or reactants favored at 
equilibrium? 

Solution 

In the given equilibrium reaction where K=0.892≈1K=0.892≈1 has a concentration of the 
reactants that is approximately equal to the concentration of the products so neither 
formation of the reactants or products is favored. In the given equilibrium reaction 
where K=3.25×108>1 has a concentration of the products that is relatively small 
compared to the concentration of the reactants so the formation of the products is 
favored. In the given equilibrium reaction where K=5.26×10−11<1 has a concentration of 
products that is relatively large compared to that of the concentration of the reactants so 
the formation of the reactants is favored. 

5. Given the equation, N2 (g) + 3H2 (aq) ⇌ 2NH3 (g), Find Q and determine which 
direction the reaction will shift in order to reach the state of chemical equilibrium. 

Solution 

Given, [N2] = 0.04M 

[H2] = 0.09M 

K = 0.040 

Since only nitrogen and hydrogen concentration is given, the can be assumed as the 
reactants and ammonia as the product. Since ammonia concentration is not given it can 
be assumed to be zero. 

As q is the ratio of the relative concentration of products to reactants, here Q =0. 

Since K = 0.04 is larger than Q, nitrogen and hydrogen will combine to form product 
ammonia. 
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INTRODUCTION 

A chemical analytical procedure can be a series of ordered steps carried out in a properly 
equipped laboratory in order to estimate the concentration of a specific analyte present 
within a given material in an accurate and precise manner. Analytical procedures must be 
reliable and accurate for scientific, trade and quality control purposes. Scientific 
experiments can beevaluated and compared internationally only if measurements are 
standardized. Commodities are valued and traded on the levels of their constituents (i.e., 
protein, starch, oil) and can be accepted or rejected on levels of contaminants. Within a 
company, quality control cannot be achieved if different production facilities don’t agree 
on measurements. 

The analytical methods discussed are sets of standardized procedures used to estimate the 
concentration of a specific analyte in a given material with a minimum of uncertainty. 
We assume that the laboratories included in the study are competent and fully capable. 
There is a true value (actual concentration) we are trying to estimate. The difference 
between our measurement result and the true value is the uncertainty in the measurement. 
This uncertainty is called the error in the method and can be divided into random error 
and systematic error. Random error is both above and below the true value and is usually 
considered to be the “noise” in the method. We often have difficulty in finding the causes 
of random error. Systematic error is a consistent bias in the system and can be eliminated 
or controlled if the cause can be found. We assume that the method developer has 
checked the method for selectivity, specificity, and linearity. 

The precision of a method is a measure of the extent to which individual tests of the same 
concentration in the same material agree. Repeatability, r, is the internal precision of a 
method. Two single results obtained within a laboratory under repeatability conditions 
(same technician with the same instruments in the same laboratory at the same time) 
should not differ by more than r. Reproducibility, R, is the external precision of a 
method. Two single results obtained by two different laboratories under reproducibility 
conditions (different technicians with different instruments in different laboratories at 
different times) should not differ by more than R. 

Accuracy is the extent to which the test results differ consistently from the true value. 
Analysts can be misguided by consistent results if those results are consistently wrong. 
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OBJECTIVES  

After successful completion of this unit, hopefully student will be able to. 

1.  Discuss the Mole, activity and activity co-efficient 

2.  Describe the concept of mean median, accuracy precision, and significant figure 

3.  Point out errors their detection and elimination 

4. Solve numerical problems involving standard deviation and relative standard 
deviation 

5. Explain the common Ion Effect 

6.  Illustrate the buffers 

7.  Discuss the working of indicators 
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3.1 MOLE, ACTIVITY AND ACTIVITY CO-EFFICIENT 

3.1.1 Mole  

A mole is defined as the amount (mass) of a substance that contains 6.02 ×l023number of 
particles (atoms, molecules or formula units). It establishes a link between mass of a 
substance and number of particles as shown in summary of molar calculations. It is 
abbreviated as 'mol'. 

You know that a substance may be an element or compound (molecular or ionic). Mass 
of a substance is either one of the following: atomic mass, molecular mass or formula 
mass. These masses are expressed in atomic mass units (amu). But when these masses are 
expressed in grams; they are called as molar masses. Scientists have agreed that 
Avogadro's number of particles are present in one molar mass of a substance. Thus, 
quantitative definition of mole is the atomic mass, molecular mass or formula mass of a 
substance expressed in grams is called mole. 

For example, 

Atomic mass of carbon expressed as 12 g = 1 mol of carbon 
Molecular mass of H O expressed as 18 g = 1 mol of water 2 
Molecular mass of H SO expressed as 98 g = 1 mol of H SO 2 4 2 4 
Formula mass of NaCl expressed as 58.5 g = 1 mol of NaCl 
Thus, the relationship between mole and mass can be expressed as: 
Or, 
Mass of substance (g) = number of moles x molar mass. 
The formula unit mass of an ionic compound expressed in grams is called gram formula 
of the substance. Since ionic compounds do not exist in molecular form therefore the sum 
of atomic masses of individual ions give the formula mass. The gram formula is also 
referred to as grammole or simply a mole. 

Mass of the ionic substance in grams 

Number of gram formulas or moles of a substance =Formula mass of the ionic substance 
1 gram formula of NaCl = 58.50 g 
1 gram formula of Na2CO3 = 106 g 
1gram formula of AgNO3 = 170g 
It may also be mentioned here that ionic mass of an ionic species expressed in grams is 
called one gram ion or one mole of ions. 
     For example 

        1 g ion of OH- = 17g 
        1 g ion of SO42-=96g 
        1 g ion of CO32- =60g 
So, the atomic mass, molecular mass, formula mass or ionic mass of the substance 
expressed  in gram is called molar mass of the substance. 
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3.1.2 Activity 

Activity is a measure of the effective concentration of a species under non-ideal (e.g. 
concentrated) conditions. This determines the real chemical potential for a real solution 
rather than an ideal one. Activities and concentrations can both be used to calculate 
equilibrium constants and reaction rates. However, most of the time we use concentration 
even though activity is also a measure of composition, similar to concentration. It is 
satisfactory to use concentration for diluted solutions, but when you are dealing with 
more concentrated solutions, the difference in the observed concentration and the 
calculated concentration in equilibrium increases. This is the reason that the activity was 
initially created. 

                                  a=eμ−μoRT(1)(1)a=eμ−μoRT 

where 

• a=Activity 
• μ is chemical potential (dependent on standard state) which is Gibbs Energy per 

mole 
• μ0 is the standard chemical potential 
• R is the gas constant 
• T is the absolute Temperature 
 
3.2.2 Non-ideality in Gases (Fugacity) 

Fugacity is the effective pressure for a non-ideal gas. The pressures of an ideal gas and a 
real gas are equivalent when the chemical potential is the same. The equation that relates 
the non-ideal to the ideal gas pressure is: 

f=ϕP(2)(2)f=ϕP 

with 

• ff represents fugacity, 

• PP is the pressure for an ideal gas, and 

• ϕϕ is the fugacity coefficient. 

For an ideal gas, the fugacity coefficient is 1. 

3.2.3 Non-ideality in Solutions 

pH 

We have become accustomed to using the equation pH=−log[H+]pH=−log[H+], but 
this equation not accurate at all concentrations. A better expression for pH 
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is pH=−log[a+H]pH=−log[aH+] which accounts for the activity, a. The only reason that 
other indicators may correctly seem to measure the acidity, which was equivalent to –
log[H+]–log[H+], is because of the use of Beer’s law, which uses concentration rather 
than activity.1 

Problems 
1. What is the purpose of using activity rather than concentration? 
2. If the ratio of fugacity to the pressure of the ideal gas is 1 then what is the activity 

coefficient? 

3. If pH does not= -log[H+] then why do the calculations seem to show the correct 
acidity? 

4. If concentration is not accurate does that mean we should start only using activity 
instead? 

Solutions 
1. Activity is more accurate in more concentrated solutions 
2. The coefficient is one because the gas is in a similar state as an ideal gas. 

3. The use of Beer’s law which uses also concentration rather than activity results in 
the seemingly correct results. 

4. Activity is only required highly concentrated solutions 

3.1.3 Activity Coefficient. 

Activity coefficient, in chemistry, the ratio of the chemical activity of any substance to its 
molar concentration. The measured concentration of a substance may not be an accurate 
indicator of its chemical effectiveness, as represented by the equation for a particular 
reaction, in which case an activity coefficient is arbitrarily established and used instead of 
the concentration in calculations. In solutions, the activity coefficient is a measure of how 
much a solution differs from an ideal solution—i.e., one in which the effectiveness of 
each molecule is equal to its theoretical effectiveness. 

An activity coefficient is a factor used in thermodynamics to account for deviations from 
ideal behavior in a mixture of chemical substances. In an ideal mixture, the microscopic 
interactions between each pair of chemical species are the same (or macroscopically 
equivalent, the enthalpy change of solution and volume variation in mixing is zero) and, 
as a result, properties of the mixtures can be expressed directly in terms of simple 
concentrations or partial pressures of the substances present e.g. Raoult's law. Deviations 
from ideality are accommodated by modifying the concentration by an activity 
coefficient. Analogously, expressions involving gases can be adjusted for non-ideality by 
scaling partial pressures by a fugacity coefficient. 
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3.2. CONCEPT OF MEAN MEDIAN, ACCURACY, PRECISION, 
AND SIGNIFICANT FIGURE 

3.2.1 Mean 

Mean is the most commonly used measure in Analytical chemistry. It is appropriate for 
describing ratio or interval data. It can also be used for both continuous and 
discretenumeric data. It is the arithmetic average of the score. It is determined by adding 
up all the scores and then by the sum by the total number of scores. Suppose we have 
scores,40, 85, 94, 62, 76, 66, 90, 59, 68, and 84. In order to find the mean of these scores 
we simply add all the scores, which comes to 724. Then divide this sum 10 (total number 
of scores). We will get 72.4, which is the mean score. The formula for computing the 
mean is: (Mean score) X = ƩX/n Where Ʃ represents “Sum of”, X represents any raw 
score value, n represents total number of scores. We can also define mean as mean is the 
amount each individual would get if the total(ƩX) were divided equally among all the 
individual members (n) in the distribution. In some other words we can say that the mean 
is the balance point for the distribution. To interpret the as the “balance point or the 
center value”, we can use the analogy of a seesaw. Its mean lies right at the center where 
the fulcrum keeps the board perfectly balanced. As the mean is based on every score or 
value of the dataset so it is influenced by outliers and skewed distribution. Also it cannot 
be calculated for categorical data as the values cannot be summed. 
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3.2.2 Merits of Mean 
 
i)  It is rigidly defined. 

ii)  It is easy to understand and calculate. 

iii)  It is used for further analysis and treatment. 

iv)  It is based upon all the values of the given data. 

v)  It is capable of further mathematical treatment. 

vi)  It is not much affected by sampling fluctuations. 

3.2.3 Demerits of Mean 

i)  It cannot be calculated if any observation is missing. 

ii)  It cannot be calculated for data with open ended distribution. 

iii)  It may not lie in the middle of series, if series is skewed. 

iv)  It is affected by extreme values. 

v)  It cannot be located graphically. 

vi)  It may be number which is not present in the data. 

vii) It can be calculated for the data representing qualitative values) It cannot be 
calculated if any observation is missing. 

3.2.4 Median 
Median is the middle value of rank order data. It divides the distribution in two halves 
(i.e. 50% of scores or observations on either side of median value). It means that this 
value separates higher half of the data set from the lower half. The goal of the median is 
to determine the precise midpoint of the distribution. Median is appropriate for describing 
ordinal data. 

Procedure for Determining Median 

When the number of scores is odd, simply arrange the scores in order (from lower to 
higher or from higher to lower). The median will be the middle score in the list. Consider 
the set of scores 2, 5, 7, 10, 12. The score “7”lies in the middle of the scores, so it is 
median. When there is an even number of scores in the distribution, arrange the scores in 
order(from lower to higher or from higher to lower). The median will be the average of 
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the middle two score in the list. Consider the set of scores 4, 6, 9, 14 16, 20. The average 
of the middle two scores 11.5 (i.e. 9+14/2 = 23/2 = 11.5) is the median of the distribution. 
Median is less affected by outliers and skewed data and is usually preferred measure of 
central tendency when the distribution is not symmetrical. The median cannot be 
determined for categorical or nominal data 

Merits of Median 

i) It is rigidly defined. 

ii) It is easy to understand and calculate. 

iii) It is not affected by extreme values. 

iv) Even if the extreme values are not known median can be calculated. 

v) It can be located just by inspection in many cases. 

vi) It can be located graphically. 

vii) It is not much affected by sampling fluctuations. 

viii) It can be calculated by data based on ordinal scale. 

ix)  It is suitable for skewed distribution. 

x)  It is easily located in individual and discrete classes. 

Demerits of Median 

i)  It is not based on all values of the given data. 

ii)  For larger data size the arrangements of the data in the increasing order is 
somewhat difficult process. 

iii)  It is not capable for further mathematical treatment. 

iv)  It is not sensitive to some change in the data value. 

v)  It cannot be used for further mathematical processing 

3.2.5. Accuracy and Precision 

In chemistry, accuracy refers to how close a measurement is to its standard or known 
value. Precision refers to how close two or more measurements are to each other, 
regardless of whether those measurements are accurate or not. It is possible for 
measurements to be precise but not accurate 
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Accuracy & Precision: 

Two terms of importance in any measurement are accuracy and precision, and it is 
important to distinguish between them since these terms have highly specific meanings 
when applied to scientific measurement. 

Accuracy: 

Accuracy is defined as the closeness of a result to the true value. This can be applied to a 
single measurement but is more commonly applied to the mean value of several repeated 
measurements, or replicates. 

Precision: 

Precision is defined as the extent to which results agree with one another. In other words, 
it is a measure of consistency, and is usually evaluated in terms of the range or spread of 
results. Practically, this means that precision is inherently related to the standard 
deviation of the repeated measurements. 

When referring to the consistency between individual values amongst a set of replicate 
measurements performed by the same person, at the same time on the same sample, using 
the same method, this is termed the measurement repeatability. 

When referring to the consistency of a method as used by different analysts, laboratories, 
and/or over an extended time period, this is termed the reproducibility. 

Note that accuracy and precision are separate things: it is entirely possible to have results 
that are accurate but not precise, as well as results that are precise but not accurate. 

Accuracy 

There are two common definitions of accuracy. In math, science, and engineering, 
accuracy refers to how close a measurement is to the true value. 

 

The ISO (International Organization for Standardization) applies a more rigid definition, 
where accuracy refers to a measurement with both true and consistent results. The ISO 
definition means an accurate measurement has no systematic error and no random error. 
Essentially, the ISO advises that accurate be used when a measurement is both accurate 
and precise. 

Precision 

Precision is how consistent results are when measurements are repeated. Precise values 
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differ from each other because of random error, which is a form of observational error.  

Examples 

You can think of accuracy and precision in terms of a basketball player. If the player 
always makes a basket, even though he strikes different portions of the rim, he has a high 
degree of accuracy. If he doesn't make many baskets but always strikes the same portion 
of the rim, he has a high degree of precision. A player whose free throws always make 
the basket the exact same way has a high degree of both accuracy and precision. 

Take experimental measurements for another example of precision and accuracy. If you 
take measurements of the mass of a 50.0-gram standard sample and get values of 47.5, 
47.6, 47.5, and 47.7 grams, your scale is precise, but not very accurate. If your scale gives 
you values of 49.8, 50.5, 51.0, and 49.6, it is more accurate than the first balance but not 
as precise. The more precise scale would be better to use in the lab, providing you made 
an adjustment for its error. 

 

Mnemonic to Remember the Difference 

An easy way to remember the difference between accuracy and precision is: 

Accurate is Correct (or Close to real value) 

Precise is Repeating (or Repeatable) 

Accuracy, Precision, and Calibration 

Do you think it's better to use an instrument that records accurate measurements or one 
that records precise measurements? If you weigh yourself on a scale three times and each 
time the number is different, yet it's close to your true weight, the scale is accurate. Yet it 
might be better to use a scale that is precise, even if it is not accurate. In this case, all the 
measurements would be very close to each other and "off" from the true value by about 
the same amount. This is a common issue with scales, which often have a "tare" button to 
zero them. 

While scales and balances might allow you to tare or make an adjustment to make 
measurements both accurate and precise, many instruments require calibration. A good 
example is a thermometer. Thermometers often read more reliably within a certain range 
and give increasingly inaccurate (but not necessarily imprecise) values outside that range. 
To calibrate an instrument, record how far off its measurements are from known or true 
values. Keep a record of the calibration to ensure proper readings. Many pieces of 
equipment require periodic calibration to ensure accurate and precise readings. 
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EXAMPLE 2 

 

3.2.6 Significant Figure 

Significant figures of a number are digits which contribute to the precision of that 
number. Numbers that do not contribute any precision and should not be counted as a 
significant number are: leading or trailing zeros (those are place holders)digits that are 
introduced by calculations that give the number more precision than the original data 
allows. 

Rules for Determining if a Number is Significant or Not 

All non-zero digits are considered significant. For example, 91 has two significant figures 
(9 and 1), while 123.45 has five significant figures (1, 2, 3, 4, and 5). 

Zeros appearing between two non-zero digits (trapped zeros) are significant. Example: 
101.12 has five significant figures: 1, 0, 1, 1, and 2. 

Leading zeros (zeros before non-zero numbers) are not significant. For example, 0.00052 
has two significant figures: 5 and 2. 

Trailing zeros (zeros after non-zero numbers) in a number without a decimal are 
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generally not significant (see below for more details). For example, 400 has only one 
significant figure (4). The trailing zeros do not count as significant. 

Trailing zeros in a number containing a decimal point are significant. For example, 
12.2300 has six significant figures: 1, 2, 2, 3, 0, and 0. The number 0.000122300 still has 
only six significant figures (the zeros before the 1 are not significant). In addition, 120.00 
has five significant figures since it has three trailing zeros. This convention clarifies the 
precision of such numbers. For example, if a measurement that is precise to four decimal 
places (0.0001) is given as 12.23, then the measurement might be understood as having 
only two decimal places of precision available. Stating the result as 12.2300 makes it 
clear that the measurement is precise to four decimal places (in this case, six significant 
figures). 

The number 0 has one significant figure. Therefore, any zeros after the decimal point are 
also significant. Example: 0.00 has three significant figures. 

Any numbers in scientific notation are considered significant. For example, 4.300 x 10-4 
has 4 significant figures. 

Conventions Addressing Significant Figures 

The significance of trailing zeros in a number not containing a decimal point can be 
ambiguous. For example, it may not always be clear if a number like 1300 is precise to 
the nearest unit (and just happens coincidentally to be an exact multiple of a hundred) or 
if it is only shown to the nearest hundred due to rounding or uncertainty. Various 
conventions exist to address this issue: 

• A bar may be placed over the last significant figure, showing that any trailing zeros 
following this are insignificant. For example, 1300 with a bar placed over the first 
0 would have three significant figures (with the bar indicating that the number is 
precise to the nearest ten). 

• The last significant figure of a number may be underlined; for example, “2000” has 
two significant figures. 

• A decimal point may be placed after the number. For example “100.” indicates 
specifically that three significant figures are meant. 

In the combination of a number and a unit of measurement the ambiguity can be avoided 
by choosing a suitable unit prefix. For example, the number of significant figures in a 
mass specified as 1300 g is ambiguous, while in a mass of 13 hg or 1.3 kg, it is much 
clearer. 

When converting from decimal form to scientific notation, always maintain the same 
number of significant figures. For example, 0.00012 has two significant figures, therefore 
the correct scientific notation for this number would be 1.2 x 10-4. 
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When multiplying and dividing numbers, the number of significant figures used is 
determined by the original number with the smallest number of significant figures. When 
adding and subtracting, the final number should be rounded to the decimal point of the 
least precise number. 

Examples: 

1.423 x 4.2 = 6.0 since 1.423 has 4 significant figures and 4.2 only has two significant 
figures, the final answer must also have 2 significant figures. 

234.67 – 43.5 = 191.2 since 43.5 has one decimal place and 234.67 has two decimal 
places, the final answer must have just one decimal place. 

Another Way to Determine Sig Figs: The Pacific Rule & the Atlantic Rule 

It can be challenging to remember all the rules about significant figures and whether each 
zero is significant or not significant. Here’s another way to determine significant figures 
(sig figs):  

The Pacific and Atlantic Rule. 

If a number has a decimal Present, use the Pacific rule (note the double P’s). The Pacific 
Ocean is on the left side of the United States so start at the left side of the number. Start 
counting sig figs at the first non-zero number and continue to the end of the number. For 
example, since there is a decimal present in 0.000560 start from the left side of the 
number. Don’t start counting sig figs until the first non-zero number (5), then count all 
the way to the end of the number. Therefore, there are 3 sig figs in this number (5,6,0). 

If a number has no decimal (the decimal is Absent) use the Atlantic rule (again, note the 
double A’s). Since the Atlantic Ocean is on the right side of the United States, start on the 
right side of the number and start counting sig figs at the first non-zero number. For 
example, since there is no decimal in 2900 start from the right side of the number and 
start counting sig figs at the first non zero number (9). So there are two sig figs in this 
number (2.9) 
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3.3 ERROR 

To a scientist, the definition of "error" is, in some cases, different from the normal use 
of this term. An error in Chemistry still often means a mistake, such as reading a scale 
incorrectly, but it is also the normal, unavoidable inaccuracies associated with 
measurements in a lab. Using this expanded definition, there are many different sources 
of error in an experiment or scientific process. 

Human Error 

A few errors in chemistry experiments are due simply to mistakes on the part of the 
person performing the work. There are an endless number of potential mistakes in lab 
work, but some of the most common include misreading gauges, making math mistakes 
during dilutions and other types of calculations and spilling chemicals during transfer. 
Depending on the type of mistake and the stage at which it happens, the associated 
degree of error in the experimental results will vary widely in magnitude. 

Improper Calibrations 

Incorrect or non-existent calibration of instruments is another common source of error 
in chemistry. Calibration is the process of adjusting or checking an instrument to ensure 
that the readings it gives are accurate. To calibrate a weigh scale, for example, you 
might place an object known to weigh 10 grams on the scale, then check that the scale 
reads 10 grams. Instruments which are not calibrated or are improperly calibrated are 
not uncommon in chemical labs and lead to wrong results. 

Measurement Estimation 

In the expanded meaning of "error" in science, the process of estimating a measurement 
is considered a source of error. For example, a technician filling a beaker with water to 
a given volume has to watch the water level and stop when it is level with the filling 
line marked on the container. Unavoidably, even the most careful technician will 
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sometimes be slightly over or below the mark even if only by a very small amount. 
Similar errors also occur in other circumstances, such as when estimating the end point 
of a reaction by looking for a specific color change in the reacting chemicals. 

Measurement Device Limitations 

Chemists also consider the limitations of measurement equipment in a lab as a source 
of error. Every instrument or device, no matter how accurate, will have some degree of 
imprecision associated with it. For example, a measuring flask is provided by the 
manufacturer with an acknowledged imprecision of from 1 to 5 percent. Using this 
glassware to make measurements in a lab therefore introduces an error based on that 
imprecision. In the same manner, other instruments such as weigh scales also have 
inherent imprecision that unavoidably causes some error. 

Experimental error does NOT refer to mistakes made in calculations, nor to mistakes 
made when reading an instrument. 

The experimenter is always assumed to be careful and competent so that mistakes do 
not happen. 

Experimental error DOES refer to the uncertainty about the accuracy of the results of 
an experiment. 

There are two types of experimental errors in chemistry: 

(a) random errors (or indeterminate errors) 

(b) systematic errors (or determinate errors, or inherent errors) 

 Random errors result from random events which cannot be eliminated during the 
experiment. Systematic errors are errors inherent in the experiment and which can be 
determined and therefore compensated for. The goal in a chemistry experiment is to 
eliminate systematic error and minimize random error to obtain a high degree of 
certainty. 

Error Analysis—General Chemistry Laboratory November 13, 2015 Error and 
uncertainty may seem synonymous with trivial mistakes in the lab, but they are well 
defined aspects of any numerical measurement in any laboratory experiment. A number 
reported without consideration of precision tells an incomplete story, and a goal in the 
General Chemistry laboratory is to start thinking about the the value and precision of any 
numerical result—whether it is a laboratory measurement, a survey result or a sports 
statistic. In the lecture portion of the class, we will spend some time mastering significant 
digits. Significant digits are an approximate approach to treat precision, and they provide 
rules for addition and multiplication. Significant digits have a lot of rules and less math. 
A full treatment of uncertainty in measurements has fewer rules with more math. In lab 
we’ll work towards an understanding of uncertainty in laboratory measurements. This 
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guide will be sufficient for your work in General Chemistry. More information can be 
found in John R. Taylor’s An Introduction to Error Analysis1, a copy of which is on 
reserve at the Olin Science Library. Reporting Error Whenever possible report numerical 
results with error. In General Chemistry we’ll estimate experimental error either using the 
standard deviation of the mean from a set of replica experiments or using the errors in 
slope and intercept in linear fits to experimental data. Both these methods are described 
below. Error is reported with one significant digit, and the precision of the error 
determines the precision of the measurement. Reporting Absolute Error, The absolute 
error has the same units as the measurement. For example, in lab, I measured the mass of 
100-mL of water at 25◦C to be 99.6 ± 0.1 g or 9.96 ± 0.01 × 101 g in scientific notation. 
The 0.1 g is the error in our measurement. Reporting Relative Error The relative error is 
the scale of the error with respect to the value of the measurement. Mathematically, it is 
the absolute error divided by the mean. It’s reported with units of percentage, and it has 
one significant digit. In the above example, I’d report the mass of 100-mL of water at 
25◦C is 99.6 g±0.1%. Significance In General Chemistry, the word “significant” doesn’t 
mean “important”. We’ll use our error bars to gauge the significance of measurements. If 
two measured values are contained within each other’s error bars, the measured value is 
the same—we can’t experimentally tell the difference between the two numbers. If two 
measured values and their error bars are well separated, then the two values are unique, 
and their difference is “significant”. There is a grey area between those two extremes, and 
some results can be inconclusive. A full understanding of the significance of inconclusive 
results requires other statistical tests such as a t-test. More information can be found on 
page 150 of Taylor. 2015-2016 General Chemistry Laboratory Error Analysis—General 
Chemistry Laboratory 2 Random and Systematic Error In the lab, we’ll put a lot of effort 
into controlling the two types of experimental error: systematic error and random error. 
Systematic error arises from a flaw in experimental design or equipment and can be 
detected and corrected. This type of error leads to inaccurate measurements of the true 
value. The best way to check for systematic error is to use different methods to perform 
the same measurement. Random error is is always present and cannot be corrected. It has 
to do with the precision of measurements in laboratory; it is the statistical uncertainty of 
the last digits of precision. An example of random error is that which arises from reading 
a burette, which is somewhat subjective and therefore varies at each reading. Note: 
“Error” and “uncertainty” are sometimes used interchangeably to mean “random error”. 
The phrase “error in a measurement” is synonymous with “uncertainty in a 
measurement”. In an experiment, we aim to eliminate systematic error and minimize 
random error to obtain a high degree of both accuracy and precision. A goal of the 
General Chemistry laboratory is to practice thinking about the largest contributors to both 
types of error in our experiments. Random Error in Lab Experiments Systematic error is 
corrected for in the lab procedure. Understanding random error comes from repeated 
measurements to give a set of replicas. The statistics of the set of replicas give us a way 
to understand the value and error in our measurement. The statistical tools we’ll use are 
the Mean, the Standard Deviation, and the Standard Deviation of the Mean. Mean, 
Standard Deviation, and Standard Deviation of the Mean The mean, x¯, is the simple 
average of your replicas, xi . x¯ = ∑xi n . The standard deviation, σx, is related to the 
spread in values of replicas of your experiment. We will use the population standard 
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deviation to approximate it: σx = √∑(xi − x¯) 2 n − 1 . The standard deviation of the 
mean, σx¯, is also called the estimated standard error. If you were to repeat your full 
experiment with all your replicas, the spread in your average results should be related to 
the standard deviation of the mean: σx¯ = σx √ n Using Excel More excel help is 
available on the course website document Excel Help. Here the help is limited to 
calculating x¯, σx, and σx¯. Let’s say I measured 100-mL of water at 25◦C using a 
volumetric flask and weighed it  

3.4 STANDARD DEVIATION AND RELATIVE STANDARD 
DEVIATION 

3.4.1 Standard Deviation 

Standard deviation is the most commonly used and the most important measure 
ofvariation. It determines whether the scores are generally near or far from the mean, 
i.e.are the scores clustered together or scattered. In simple words, standard deviation 
tellshow tightly all the scores are clustered around the mean in a data set. When the 
scores areclose to the mean, standard deviation is small. And large standard deviation 
tells that thescores are spread apart. Standard deviation is simply square root of variance, 
i.e. 
Standard deviation Ϭ = √ Variance 

Or 
Ϭ = √ Ʃ (X – X)2 / n 

Ϭ is a Greek letter “Sigma” 

In statistics, the standard deviation is a measure of the amount of variation 
or dispersion of a set of values.[1] A low standard deviation indicates that the values tend 
to be close to the mean (also called the expected value) of the set, while a high standard 
deviation indicates that the values are spread out over a wider range. 

Standard deviation may be abbreviated SD, and is most commonly represented in 
mathematical texts and equations by the lower case Greek letter sigma σ, for the 
population standard deviation, or the Latin letter s, for the sample standard deviation. 
(For other uses of the symbol σ in science and mathematics see the main article.) 

The standard deviation of a random variable, statistical population, data set, 
or probability distribution is the square root of its variance. It is algebraically simpler, 
though in practice less robust, than the average absolute deviation.[2][3] A useful property 
of the standard deviation is that, unlike the variance, it is expressed in the same units as 
the data. 

In addition to expressing the variability of a population, the standard deviation is 
commonly used to measure confidence in statistical conclusions. For example, the margin 
of error in polling data is determined by calculating the expected standard deviation in the 
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results if the same poll were to be conducted multiple times. This derivation of a standard 
deviation is often called the "standard error" of the estimate or "standard error of the 
mean" when referring to a mean. It is computed as the standard deviation of all the means 
that would be computed from that population if an infinite number of samples were 
drawn and a mean for each sample were computed. 

 

 

 

3.4.2 The Relative Standard Deviation (RSD) 

The relative standard deviation (RSD) is a special form of the standard deviation (std 
dev) 

The relative standard deviation formula is: 
100 * s / |x̄| 
Where: 
s = the sample standard deviation 
  x̄= sample mean 
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The RSD tells you whether the “regular” std dev is a small or large quantity when 
compared to the mean for the data set. For example, you might find in an experiment that 
the std dev is 0.1 and your mean is 4.4. Your RSD for this set of numbers is:  

100 x 0.1 / |4.4| = 2.3%. 

This result tells you that your standard deviation is 2.3% of the mean of 4.4, which is 
pretty small. In other words, the data is tightly clustered around the mean. On the other 
hand, if your percentage was large, say, 55%–this would indicate your data is more 
spread out. The RSD is sometimes used for convenience but it can also give you an idea 
about how precise your data is in an experiment. The more precise your data, the smaller 
the RSD. 

The RSD usually written with the mean and a plus/minus symbol: 
4.4 ± 2.3%. 
How to Calculate the Relative Standard Deviation (Steps) 
 
Sample question: Find the RSD for the following set of numbers: 
49, 51.3, 52.7. 55.8 
Step 1: Find the standard deviation of your sample. I used the standard deviation 
calculator to solve this. Std dev: 2.8437065 (or 2.84 rounded to 2 decimal places). 
 
Step 2: Multiply Step 1 by 100. Set this number aside for a moment. 
2.84 * 100 = 284 
 
Step 3: Find the sample mean, x̄. The sample mean is: 
(49 + 51.3 + 52.7 + 55.8) / 4 = 208.8/4 = 52.2. 
 
Step 4: Divide Step 2 by the absolute value of Step 3. 
284/|52.2| = 5.44 
The RSD is:  
52.2 ±5.4% 
 
3.5 COMMON ION EFFECT 
 
The suppression of ionization of a weak electrolyte by adding a common ion from outside 
is called common ion effect. The common-ion effect is used to describe the effect on an 
equilibrium involving a substance that adds an ion that is a part of the equilibrium. 
 

Example 
We are familiar with purification of sodium chloride by passing hydrogen chloride gas 
through saturated brine. Sodium chloride is fully ionized in the solution. Equilibrium 
constant expression for this process can be written as follows: 
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NaCl(s)        ------------------------Na (aq) + Cl (aq)  
Kc =[Na  ][Cl  ]

[NaCl ]
 

HCl also ionizes in solution 
HCl H (aq) + Cl (aq)  
 
On passing HCl gas, concentration of Cl- ions is increased, therefore NaCl crystallizes 
out of the solution to maintain the constant value of the equilibrium constant. 

 

This type of effect is called the common ion effect. The addition of a common ion to the 
solution of a less soluble electrolyte suppresses its ionization and the concentration of 
unionized species increases, which may come out as a precipitate. 

Na (aq) + Cl (aq) NaCl(s) 

ii) similarly, the dissociation of a weak acid H2S in water can be suppressed by the 
addition of stronger acid HCl. H+ is a common ion. H2S becomes less dissociated in 
acidic solution. In this way, low concentration of S-2 ion is developed. 

This low concentration of S-2 ions helps to do the precipitation of radicals of second 
group 

basic radicals during salt analysis. 

 

iii) An addition of NH4Cl in NH4OH solution suppresses the concentration of OH- 
(aq) due to the presence of a large excess of NH4+ from NH4Cl. Actually, NH4Cl is a 
strong electrolyte. The combination of these two substances is used as a group reagent in 
third group basic radicals 
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iv) Common ion effect finds extensive applications in the qualitative analysis and the 
preparation of buffers. 

3.6 CO PRECIPITATION AND FRACTIONAL PRECIPITATION 

In chemistry, coprecipitation (CPT) or co-precipitation is the carrying down by a 
precipitate of substances normally soluble under the conditions employed. Analogously, 
in medicine, coprecipitation is specifically the precipitation of an unbound "antigen along 
with an antigen-an tibody complex". 

 

Coprecipitation is an important issue in chemical analysis, where it is often undesirable, 
but in some cases,  it can be exploited. In gravimetric analysis, which consists on 
precipitating the analyte and measuring its mass to determine its concentration or purity, 
coprecipitation is a problem because undesired impurities often coprecipitate with the 
analyte, resulting in excess mass. This problem can often be mitigated by "digestion" 
(waiting for the precipitate to equilibrate and form larger, purer particles) or by 
redissolving the sample and precipitating it again. 

 

76 
 



 

 

3.6.1 Typical Co-Precipitation Method for Micro and Nano Particle Synthesis 

On the other hand, in the analysis of trace elements, as is often the case in 
radiochemistry, coprecipitation is often the only way of separating an element. Since the 
trace element is too dilute (sometimes less than a part per trillion) to precipitate by 
conventional means, it is typically coprecipitated with a carrier, a substance that has a 
similar crystalline structure that can incorporate the desired element. An example is the 
separation of francium from other radioactive elements by coprecipitating it with 
Caesium salts such as Caesium perchlorate. Otto Hahn is credited for promoting the use 
of coprecipitation in radiochemistry. 

There are three main mechanisms of coprecipitation: inclusion, occlusion, and 
adsorption. An inclusion occurs when the impurity occupies a lattice site in the crystal 
structure of the carrier, resulting in a crystallographic defect; this can happen when the 
ionic radius and charge of the impurity are similar to those of the carrier. An adsorbate is 
an impurity that is weakly bound (adsorbed) to the surface of the precipitate. An 
occlusion occurs when an adsorbed impurity gets physically trapped inside the crystal as 
it grows. 

Besides its applications in chemical analysis and in radiochemistry, coprecipitation is also 
"potentially important to many environmental issues closely related to water resources, 
including acid mine drainage, radionuclide migration in fouled waste repositories, metal 
contaminant transport at industrial and defense sites, metal concentrations in aquatic 
systems, and wastewater treatment technology". Coprecipitation is also used as a method 
of magnetic nanoparticle synthesis 

3.6.3 Fractional Precipitation 

Fractional precipitation is a technique that separates ions from solution based on their 
different solubilities. For example, consider an aqueous solution that contains initially 
Ba2+ and Sr2+ ions. Suppose that an aqueous solution of potassium chromate (K2CrO4) 
is added slowly. Two precipitates can form: BaCrO4 with Ksp of 1.2 x 10-9 M, and 
SrCrO4 with Ksp of 3.5 x 10-5 M. (Since all potassium salts are soluble, the potassium 
ion of the aqueous solution of K2CrO4 is a spectator ion and does not need to be 
considered in the solubility equilibrium.) Because Ksp for SrCrO4 is smaller than for 
BaCrO4, SrCrO4 will precipitate first. If K2CrO4 is added to the solution so that the ion 
product for BaCrO4 is not exceeded, then only SrCrO4 will precipitate. The resulting 
solution can be filtered and the Sr2+ isolated from the original solution as the chromate 
salt. 
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Example of Fractional Precipitates 

 

3.7 BUFFERS 

Those solutions, which resist the change in their pH when a small amount of an acid or a 
base is added to them, are called buffer solutions. They have a specific constant value of 
pH and their pH values do not change on dilution and on keeping for a long time. Buffer 
solutions are mostly prepared by mixing two substances. 

(i) By mixing a weak acid and a salt of it with a strong base. Such solutions give acidic 
buffers with pH less than 7. Mixture of acetic acid and sodium acetate is one of the best 
examples of such a buffer. 

(ii) By mixing a weak base and a salt of it with a strong acid. Such solutions will give 
basic buffers with pH more than 7. Mixture of NH4OH and NH4Cl is one of the best 
examples of such a basic buffer. 

Why Do We Need Buffer Solution? 

It is a common experience that the pH of the human blood is maintained at pH 7.35, if it 
goesto 7.00 or 8.00, a person may die. Sometimes one wants to study a reaction under 
conditions that would suffer any associated change in the pH of the reaction mixture. So, 
by suitable choice of the solutes, a chemist can ensure that a solution will not experience 
more than a very small change in pH, even if a small amount of a strong acid or a strong 
base is added. Buffers are important in many areas of chemistry and allied sciences like 
molecular biology, microbiology, cell biology, soil sciences, nutrition and the clinical 
analysis 

How Do the Buffers Act? 

Let us take the example of an acidic buffer consisting of CH3COOH and CH3COONa. 
Commonion effect helps us to understand how the buffer will work. CH3COOH, being a 
weak electrolyteundergoes very little dissociation. When CH3COONa, which is a strong 
electrolyte, is added to CH3COOH solution, then the dissociation of CH3COOH is 
suppressed, due to common ion effect of CH3COO-. 

CH COOH (aq)+H2 O    --------------------------CH3 COO- (aq) + H 3O+ (aq)  
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CH COONa(aq) --------------------------------CH3COO_ (aq) + Na + 

If one goes on adding CH3COONa in CH3COOH solution, then the added concentrations 
of CH3COO- decrease the dissociation of CH3COOH and the pH of solution increases.  
Tells us how the pH value of a mixture of two compounds is maintained. Greater the 
concentration of acetic acid as compared to CH3COONa, lesser is the pH of solution 

Actually a buffer mentioned above is a large reservoir of CH3COOH and CH3COO- 
components. 

When an acid or H3O+ ions are added to this buffer, they will react with CH3COO- to 
give back acetic acid and hence the pH of the solution will almost remain unchanged. The 
reason is that CH3COOH being a week acid will prefer to remain undissociated. 
Similarly, the puffer solution consisting of NH4Cl and NH4OH, can resist the change of 
pH and pOH, when acid or base is added from outside. 

When a base or OH- ions are added in it, they will react with H3O+ to give back H2O and 
the pH of the solution again will remain almost unchanged. 
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3.8. WORKING OF INDICATORS 

3.8.1 Acid - Base Indicators and Titrations 

Acid - Base indicators (also known as pH indicators) are substances which change colour 
with pH. They are usually weak acids or bases, which when dissolved in water dissociate 
slightly and form ions. Consider an indicator which is a weak acid, with the formula HIn. 
At equilibrium, the following equilibrium equation is established with its conjugate base: 

 

 

The acid and its conjugate base have different colours. At low pH values the 
concentration of H3O+ is high and so the equilibrium position lies to the left. The 
equilibrium solution has the colour A. At high pH values, the concentration of H3O+ is 
low - the equilibrium position thus lies to the right and the equilibrium solution has 
colour B. 

Phenolphthalein is an example of an indicator which establishes this type of equilibrium 
in aqueous solution: 
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Phenolphthalein is a colourless, weak acid which dissociates in water forming pink 
anions. Under acidic conditions, the equilibrium is to the left,and the concentration of the 
anions is too low for the pink colour to be observed. However, under alkaline conditions, 
the equilibrium is to the right, and the concentration of the anion becomes sufficient for 
the pink colour to beobserved. 

We can apply equilibrium law to indicator equilibria - in general for a weak acid 
indicator: 

 

 

Kln is known as the indicator dissociation constant. The colour of the indicator turns 
from colour A to colour B or vice versa at its turning point. At this point: 

 
 

So from equation: 

 

The pH of the solution at its turning point is called the pKln and is the pH at which half of 
the indicator is in its acid form and the other half in the form of its conjugate base. 

3.8.2 Indicator Range 

At a low pH, a weak acid indicator is almost entirely in the HIn form, the colour of which 
predominates. As the pH increases - the intensity of the colour of HIn decreases and the 
equilibrium is pushed to the right. Therefore, the intensity of the colour of In- increases. 
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An indicator is most effective if the colour change is distinct and over a low pH range. 
For most indicators the range is within ±1 of the pKln value: - please see the table below 
for examples, to the right is a model of the acid form of each indicator - with the colour 
of the solution at the turning point. 

 

 

SELF-ASSESSMENT QUESTIONS 

Q.1 Define Mole, activity and activity co-efficient. 
Q.2 Explain the concept of accuracy in analysis. 
Q.3 What are experimental errors in chemistry? How will you  detect errors and 

eliminate them? 
Q.4 What is standard deviation and Relative standard deviation? 
Q.5 What is common ion effect and its application? 
Q.6 Describe the Co-precipitation and fractional precipitation 
Q.7 How do you make a buffer solution? 
Q.8. How does phenolphthalein indicator work? 
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INTRODUCTION 

In practice, the terms spectroscopy and spectrometry are used interchangeably (except 
for mass spectrometry), but the two words don't mean exactly the same 
thing. Spectroscopy comes from the Latin word specere, meaning "to look at," and the 
Greek word skopia, meaning "to see." The ending of spectrometry comes from the Greek 
word metria, meaning "to measure." Spectroscopy studies the electromagnetic radiation 
produced by a system or the interaction between the system and light, usually in a 
nondestructive manner. Spectrometry is the measurement of electromagnetic radiation to 
obtain information about a system. In other words, spectrometry can be considered a 
method of studying spectra. 

Examples of spectrometry include mass spectrometry. 

How Spectroscopy Works? 

When a beam of electromagnetic radiation passes through a sample, the photons interact 
with the sample. They may be absorbed, reflected, refracted, etc. Absorbed radiation 
affects the electrons and chemical bonds in a sample. In some cases, the absorbed 
radiation leads to the emission of lower-energy photons. 

Spectroscopy looks at how the incident radiation affects the sample. Emitted and 
absorbed spectra can be used to gain information about the material. Because the 
interaction depends on the wavelength of radiation, there are many different types of 
spectroscopy: 

• UV  
• IR 
• NMR 
We will study only UV and IR spectroscopy. 
 

Spectroscopy in the ultraviolet (UV), visible (Vis) and near-infrared (NIR) region of the 
electromagnetic spectrum is often called electronic spectroscopy because electrons are 
transferred from low-energy to high-energy atomic or molecular orbitals when the 
material is irradiated with light. Such electron transfer processes may take place in 
transition metal ions (d-d transitions and ligand-to-metal or metal-to-ligand charge 
transfer transitions), and inorganic and organic molecules (mainly n - π* and π - π* 
transitions). They are responsible for the color of matter. 

The molecular spectroscopy is the study of the interaction of electromagnetic waves and 
matter. The scattering of sun’s rays by raindrops to produce a rainbow and appearance of 
a colorful spectrum when a narrow beam of sunlight is passed through a triangular glass 
prism are the simple examples where white light is separated into the visible spectrum of 
primary colors. This visible light is merely a part of the whole spectrum of 
electromagnetic radiation, extending from the radio waves to cosmic rays. All these 
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apparently different forms of electromagnetic radiations travel at the same velocity but 
characteristically differ from each other in terms of frequencies and wavelength (Table 
1). 

 

The propagation of these radiations involves both electric and magnetic forces which give 
rise to their common class name electromagnetic radiation. In spectroscopy, only the 
effects associated with electric component of electromagnetic wave are important. 
Therefore, the light wave traveling through space is represented by a sinusoidal trace 
(figure 1). In this diagram λ is the wavelength and distance A is known as the maximum 
amplitude of the wave. Although a wave is frequently characterized in terms of its 
wavelength λ, often the terms such as wavenumber (v̄), frequency (ν), cycles per second 
(cps) or hertz (Hz) are also used. 
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The unit commonly used to describe the wavelength is centimeters (cm), the different 
units are used to express the wavelengths in different parts of the electromagnetic 
spectrum. For example, in the ultraviolet and visible region, the units use are angstrom 
(Ǻ) and nanometer 

(nm). In the infrared region, the commonly used unit is wave number (ν̄), which gives the 
number of waves per centimeter. Thus 

 

The four quantities wavelength, wave number, frequency and velocity can be related to 
each other by following relationships: 

 

 

OBJECTIVES 

After completing this unit, you will be able to: 

1. Discuss Ultraviolet/ visible spectroscopy 

2. Describe the instrumentation and sample handling procedure 

3. Apply Ultraviolet spectroscopy 

4. Explain infrared spectroscopy 

5. Discuss the IR spectrum 

6. Interpret IR spectra 
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4.1 ULTRAVIOLET AND VISIBLE SPECTROSCOPY  

This absorption spectroscopy uses electromagnetic radiations between 190 nm to 800 nm 
and is divided into the ultraviolet (UV, 190-400 nm) and visible (VIS, 400-800 nm) 
regions. Since the absorption of ultraviolet or visible radiation by a molecule leads 
transition among electronic energy levels of the molecule, it is also often called as 
electronic spectroscopy. The information provided by this spectroscopy when combined 
with the information provided by NMR and IR spectral data leads to valuable structural 
proposals. 

4.1.1  Nature of Electronic Transitions 

The total energy of a molecule is the sum of its electronic, its vibrational energy and its 
rotational energy. Energy absorbed in the UV region produces changes in the electronic 
energy of the molecule. As a molecule absorbs energy, an electron is promoted from an 
occupied molecular orbital (usually a non-bonding n or bonding π orbital) to an 
unoccupied molecular orbital (an antibonding π* or σ* orbital) of greater potential energy 
(figure 3). For most molecules, the lowest-energy occupied molecular orbitals are σ 
orbitals, which correspond to σ bonds. The π orbitals lie at relatively higher energy levels 
than σ orbitals and the non-bonding orbitals that hold unshared pairs of electrons lie even 
at higher energies. The antibonding orbitals (π* and σ *) are orbitals of highest energy. 
The relative potential energies of these orbitals and various possible transitions have been 
depicted in figure 3. 
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4.1.2 Molecular electronic orbital energies: 

 

4.1.3 Beer-Lambert Law: 

The Beer-Lambert law states that: 

“For a given material sample path length and concentration of the sample are directly 
proportional to the absorbance of the light.” 

The Beer-Lambert law is expressed as: 

 

The expression on the left of this equation as what we have just defined as the 
absorbance, A. You might also find the equation written in terms of A: 

 

That's obviously easier to remember than the first one, but you would still have to learn 
the equation for absorbance. It might be useful to learn it in the form: 

Electronic transitions in ultraviolet/visible region include 

δ→δ*                           n→δ* 
n→π*                          π→π* 
and their relative transition energies are: 
δ→δ* ˃ n→δ* ˃ π→π* ˃ n→π*  
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The Greek letter epsilon in these equations is called the molar absorptivity - or sometimes 
the molar absorption coefficient. 

4.1.3 Why do we measure UV/VIS spectra? 

• UV/VIS spectra allow components present in the sample solution to be identified. 
More precisely, the position and, to some extent, the profile of the absorption peaks 
allow specific compounds to be identified.For example, organic compounds can be 
identified by their spectra, or solvent purity can be easily checked by UV/VIS 
spectroscopy. 

• Based on the relationship between absorbance and sample concentration, UV/VIS 
spectroscopy is applied as a quantitative analytical technique in market segments such 
as e.g. Water Testing, Food and Beverages, Pharmaceutical, Chemical and Biotech 
Industry. 

• The position of the peaks in the spectrum reveals information about the molecular 
structure of the sample.For example, specific functional groups of a molecular 
structure, such as carbon-oxygen, C=O, or carbon-carbon double bonds, C=C, absorb 
at specific characteristic wavelengths. 

• The spectrum may reveal specific physical properties of the sample molecules. For 
instance, from the UV/VIS spectrum it is possible to:  

o calculate the extinction coefficient of the sample 

o calculate the melting point of proteins and nucleic acids by measuring the UV/VIS 
spectra 

o at    different temperatures 

o determine the rate of a reaction by monitoring the absorption spectra as a function of 
time 

o (also known as kinetic measurements) 

• Finally, position and profile of the peaks in the spectrum can give information about 
the microscopic environment of the sample molecules. As an example, the presence of 
impurities or other solvents in the sample solution has an effect on position and of the 
profile of the peaks. In other words, the peaks may be broader or have shifted due to 
impurities. 
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4.2 INSTRUMENTATION AND SAMPLE HANDLING 

A spectrophotometer is a device used to measure the transmittance or absorbance of a 
sample as a function of the wavelength of the electromagnetic spectrum. 
The key components of UV-visible spectrophotometers are: 

• A source which generates a broad band of electromagnetic radiation (UV and 
visible) 

• A dispersion device (monochromator) which selects a particular wavelength or 
wavelengths 

• A sample cell 

• One or more detectors to measure the intensity of radiation 

 

Light Source 

• Tungsten filament lamps and Hydrogen-Deuterium lamps are most widely used 
and suitable light source as they cover the whole UV region. 

• Tungsten filament lamps are rich in red radiations; more specifically they emit the 
radiations of 375 nm, while the intensity of Hydrogen-Deuterium lamps falls below 
375 nm. 

Monochromator 

• Monochromators generally is composed of prisms and slits. 

• Most of the spectrophotometers are double beam spectrophotometers. 

• The radiation emitted from the primary source is dispersed with the help of rotating 
prisms. 

• The various wavelengths of the light source which are separated by the prism are 
then selected by the slits such the rotation of the prism results in a series of 
continuously increasing wavelength to pass through the slits for recording purpose. 
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• The beam selected by the slit is monochromatic and further divided into two beams 
with the help of another prism. 

Sample and reference cells 

• One of the two divided beams is passed through the sample solution and second 
beam is passé through the reference solution. 

• Both sample and reference solution are contained in the cells. 

• These cells are made of either silica or quartz. Glass can’t be used for the cells as it 
also absorbs light in the UV region. 

Detector 

• Generally, two photocells serve the purpose of detector in UV spectroscopy. 

• One of the photocells receives the beam from sample cell and second detector 
receives the beam from the reference. 

• The intensity of the radiation from the reference cell is stronger than the beam of 
sample cell. This results in the generation of pulsating or alternating currents in the 
photocells. 

Amplifier 

• The alternating current generated in the photocells is transferred to the amplifier. 

• The amplifier is coupled to a small servometer. 

• Generally current generated in the photocells is of very low intensity, the main 
purpose of amplifier is to amplify the signals many times so we can get clear and 
recordable signals. 

Recording devices 

• Most of the time amplifier is coupled to a pen recorder which is connected to the 
computer. 

• Computer stores all the data generated and produces the spectrum of the desired 
compound. 

4.2.1 Sample Handling: 

Samples must always be clear solutions as particles will scatter the incident light and 
therefore give erroneous results. Filter if necessary. A reference solution is always 
required, although it may not be used after the initial background scan has been recorded. 
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Cell selection and handling:  

There are three types of cells used routinely in this department. All are manufactured 
with precision dimensions giving a solution path length of exactly 1 cm. Two sides are 
highly polished and should not be touched by hands. The light beam should pass through 
these two windows. Glass is the common choice, but the cells are not cheap at about $35 
each. They can be used down to wavelengths of 350 nm. Polystyrene cells are 
significantly cheaper (about 10 cents each) but can only be used for aqueous solutions. 
Their range is good to about 300 nm. Quartz cells are manufactured with different grades 
of silica. Typically, the range extends down to the lower limit of the instruments available 
(200 nm). Their cost is much higher at about $85 each. 

Solvent selection:  

The solvent must obviously be able to dissolve a sufficient amount of the compound to be 
studied. Since the sample must contain no particles, it is important to make sure that 
everything does dissolve. The solvent (spectroscopic grade) must be optically clear in the 
region of study. This means that absorbance due to the solvent is less than 1A. 

Sample Preparation for determination of Absorbance:  

Although this may be tedious, care and attention to detail will produce good results. It 
will be necessary to accurately weigh a sample of the compound. Since you will often be 
measuring materials in the milligram range, use a balance that is accurate in that range - 
the present electronic top-loading balances are not. Transfer the sample to a volumetric 
flask. You should not use a flask larger than 25 mL to avoid wasting solvent. Many 
spectroscopic grade solvents are very expensive, and it is senseless to use 100 mL of 
solvent when only 3.5 mL are required to fill the cell. Dissolve the sample in the solvent 
of choice and make the solution up to the mark. Run the spectrum. It is possible (likely?) 
that the solution will be too concentrated. If that is the case, estimate a dilution factor 
necessary to bring the band into the absorbance range desired. Dilute a portion of your 
sample solution, again using a flask no larger than 25 mL. Rerun the spectrum. At this 
point, you may wish to "fine tune" your dilution to produce a reasonable size band, 
although this has become less of a necessity as computer graphics can redraw weak peaks 
to a suitable scale. 

Filling the cells:  

As mentioned above it is important that each solution be free of particulate matter. The 
light beam must pass through exactly 1 cm of solution so be sure there are no air bubbles 
inside the cell, or that no solution has run down the outside of the cell. Wipe the cell 
before putting it into the spectrometer. It is not necessary to fill the cells to the top. The 
light beam passes through the lower 2.5 cm of the cell and therefore filling the cell to 
within 1 cm of the top is adequate.  
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Data reporting:  

A routine uv/vis spectrum is normally reported by indicating the position of each peak by 
its wavelength at maximum height (8max) and the molar absorptivity, in parentheses. The 
solvent should also be mentioned. 

 

4.2.2 Solvent Effects  

Highly pure, non-polar solvents such as saturated hydrocarbons do not interact with 
solute molecules either in the ground or excited state and the absorption spectrum of a 
compound in these solvents is similar to the one in a pure gaseous state. However, polar 
solvents such as water, alcohols etc. may stabilize or destabilize the molecular orbitals of 
a molecule either in the ground state or in excited state and the spectrum of a compound 
in these solvents may significantly vary from the one recorded in a hydrocarbon solvent. 

(i) π → π* Transitions  
In case of π to π* transitions, the excited states are more polar than the ground state and 
the dipole-dipole interactions with solvent molecules lower the energy of the excited state 
more than that of the ground state. Therefore a polar solvent decreases the energy of π → 
π* transition and absorption maximum appears ~10-20 nm red shifted in going from 
hexane to ethanol solvent.  
(ii) n → π* Transitions  
In case of n → π* transitions, the polar solvents form hydrogen bonds with the ground 
state of polar molecules more readily than with their excited states. Therefore, in polar 
solvents the energies of electronic transitions are increased. For example, the figure 5 
shows that the absorption maximum of acetone in hexane appears at 279 nm which in 
water is shifted to 264 nm, with a blue shift of 15 nm. 
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Some important terms and definitions 

(i) Chromophore:  

The energy of radiation being absorbed during excitation of electrons from ground state 
to excited state primarily depends on the nuclei that hold the electrons together in a bond. 
The group of atoms containing electrons responsible for the absorption is called 
chromophore. Most of the simple un-conjugated chromophores give rise to high energy 
transitions of little use. Some of these transitions have been listed in table 3. 

 

(ii) Auxochrome:  

The substituents that they do not absorb ultraviolet radiations but their presence shifts the 
absorption maximum to longer wavelength are called auxochromes. The substituents like 
methyl, hydroxyl, alkoxy, halogen, amino group etc. are some examples of auxochromes. 

(iii) Bathochromic Shift or Red shift: 

 A shift of an absorption maximum towards longer wavelength or lower energy.  

(iv) Hypsochromic Shift or Blue Shift:  

A shift of an absorption maximum towards shorter wavelength or higher energy.  

(v) Hypochromic Effect:  

An effect that results in decreased absorption intensity.  

(vi) Hyperchromic Effect: 

 An effect that results in increased absorption intensity. 
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4.3 APPLICATIONS OF UV SPECTROSCOPY 

4.3.1. Detection of Impurities 

UV absorption spectroscopy is one of the best methods for determination of impurities in 
organic molecules. Additional peaks can be observed due to impurities in the sample and 
it can be compared with that of standard raw material. By also measuring the absorbance 
at specific wavelength, the impurities can be detected. Benzene appears as a common 
impurity in cyclohexane. Its presence can be easily detected by its absorption at 255 nm. 

4.3.2. Structure elucidation of organic compounds. 

UV spectroscopy is useful in the structure elucidation of organic molecules, the presence 
or absence of unsaturation, the presence of hetero atoms. 
From the location of peaks and combination of peaks, it can be concluded that whether 
the compound is saturated or unsaturated, hetero atoms are present or not etc. 

4.3.3. Quantitative analysis 

UV absorption spectroscopy can be used for the quantitative determination of compounds 
that absorb UV radiation. This determination is based on Beer’s law which is as follows. 
A = log I0 / It = log 1/ T = – log T = abc = εlc 

Where ε is extinction co-efficient, c is concentration, and b is the length of the cell that is 
used in UV spectrophotometer. 

Other methods for quantitative analysis are as follows. 
a. calibration curve method 
b. simultaneous multicomponent method 
c. difference spectrophotometric method 
d. derivative spectrophotometric method 
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4.3.4. Qualitative analysis 
UV absorption spectroscopy can characterize those types of compounds which absorbs 
UV radiation. Identification is done by comparing the absorption spectrum with the 
spectra of known compounds. UV absorption spectroscopy is generally used for 
characterizing aromatic compounds and aromatic olefins. 
 
4.3.5. Dissociation constants of acids and bases. 
PH=PKa+log[A-]/[HA] 
From the above equation, the PKa value can be calculated if the ratio of [A-] / [HA] is 
known at a particular PH. and the ratio of [A-] / [HA] can be determined 
spectrophotometrically from the graph plotted between absorbance and wavelength at 
different PH values. 

4.3.6. Chemical kinetics:  

Kinetics of reaction can also be studied using UV spectroscopy. The UV radiation is 
passed through the reaction cell and the absorbance changes can be observed. 

4.3.7. Quantitative analysis of pharmaceutical substances: 

Many drugs are either in the form of raw material or in the form of formulation. They can 
be assayed by making a suitable solution of the drug in a solvent and measuring the 
absorbance at specific wavelength. 
Diazepam tablet can be analyzed by 0.5% H2SO4 in methanol at the wavelength 284 nm. 

4.3.8. As HPLC detector 

A UV/Vis spectrophotometer may be used as a detector for HPLC. The presence of an 
analyte gives a response which can be assumed to be proportional to the concentration. 
For more accurate results, the instrument's response to the analyte in the unknown should 
be compared with the response to a standard; as in the case of calibration curve. 

4.4 IR SPECTROSCOPY 

 

Definition: 

Infrared (IR) spectroscopy is used to identify particular bond types and functional 
groups in organic molecules by measuring a substance's absorption of infrared radiation 
at different frequencies. 
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Explanation: 

The two atoms joined together by a chemical bond (may be single, double or triple bond), 
macroscopically can be composed as two balls joined by a spring. The application of a 
force like (i) stretching of one or both the balls (atoms) away from each other or closer to 
each other (ii) bending of one of the atoms either vertically or horizontally and then 
release of the force results in the vibrations on the two balls (atoms). These vibrations 
depend on the strength of the spring and also the mode (stretching or bending) in which 
the force is being applied. Similarly, at ordinary temperatures, organic molecules are in a 
constant state of vibrations, each bond having its characteristic stretching and bending 
frequencies. When infrared light radiations between 4000-400 cm-1 (the region most 
concerned to an organic chemist) are passed through a sample of an organic compound, 
some of these radiations are absorbed by the sample and are converted into energy of 
molecular vibrations. The other radiations which do not interact with the sample are 
transmitted through the sample without being absorbed. The plot of % transmittance 
against frequency is called the infrared spectrum of the sample or compound. This study 
of vibrations of bonds between different atoms and varied multiplicities which depending 
on the elctronegativity, masses of the atom and their geometry vibrate at different but 
specified frequencies; is called infrared spectroscopy. The presence of such characteristic 
vibrational bands in an infrared spectrum indicates the presence of these bonds in the 
sample under investigation. 

4.4.1: Types of Vibrations in IR 

 Vibrations fall into the two main categories of stretching and bending. 

1. Stretching vibrations 

In this type of vibrations, the bond length is increased or decreased at regular intervals. 
There are two types of stretching vibrations. Symmetrical stretching and asymmetrical 
training. 

 

a) Symmetrical stretching- In this type of stretching, bond length increase or 
decrease symmetrically. 

b) Asymmetrical stretching- In this type of stretching, length of one bond increases 
and the other one decreases. 
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Bending vibrations 

 

In this type of vibrations, a change in bond angle occurs between bonds with a common 
atom, or there is a movement of a group of atoms with respect to the remainder of the 
molecule without movement of the atoms in the group with respect to one another. 
 
The bending vibrations are also called as deformation vibrations. Deformation vibrations 
are of two types. 
a) In-plane Bending vibrations 
b) Out of plane bending vibrations 
a) In plane bending- In these types of vibrations, there is a change in bond angle. 

This type of bending takes place within the same plane. In plane bending are of two 
types. 

i. Scissoring in which bond angle decreases 

ii. Rocking in which the bond angle is maintained but both bonds move within the 
same plane. 

b) Out of plane bending- This type of bending takes plane outside of the plan of 
molecule. 

i.Wagging in which both atoms move to one side of the plane 

ii.Twisting in which one atom is above the plane and the other is below the plane. 

4.4.2 Hooke’s law and Absorption of radiations 

The Hooke’s Law is a mathematical formula that relates the vibrational frequency of a 
spring connected to two spheres to the stiffness of the spring and to the masses of the 
spheres. 
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Vibrations of a covalent bond is thought to be similar to those of the above system.  Thus, 
the Hooke’s Law can be applied to the vibrations of a covalent bond.  Given below is the 
Hooke’s Law as it applies to a covalent bond. 

 

So,  

 

According to the Hooke’s Law, 
1. All else being equal, the stronger the bond, the faster the bonds vibrates.e.g. 

 

2. All else being equal, the lighter the atoms linked by the bond, the faster the bond 
vibrates. 
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The Hooke’s law can be used to theoretically calculate the approximate stretching 
frequency of a bond. The value of K is approximately 5x105 dyne/cm for single bonds 
and approximately two and three times this value for the double and triple bonds, 
respectively. 

The stretching frequency(cm-1) of C‒H can be calculated as follows: 

 

The observed values for C‒H bonds are in the region 3320-2700 cm-1, which differ from 
the calculated values as the calculation does not take into account the environment of the 
C‒H group within the molecule. 

4.5 INSTRUMENTATION 

The Infrared (IR) Spectrometer: 

 

1. Infrared radiation is produced by electrically heating a filament which is divided by 
mirrors into 2 beams, a reference beam and a sample beam. 

2. In the sampling area, a segmented rotating disk allows each beam to pass through 
alternately. 
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3. The reference beam and the sample beam are combined into a beam of alternating 
segments. 

4. The detector measures the heat energy and the recorder records the results as a plot 
of percent absorption (or transmittance) as a function of wavenumber (cm-1) or 
wavelength (μm). 

 
4.5.1 Sample Preparation: 

For recording an IR spectrum, the sample may be gas, a liquid, a solid or a solution of 
any of these. The samples should be perfectly free of moisture, since cell materials 
(NaCl, KBr, CsBr etc.) are usually spoiled by the moisture. 

• Solid samples can be prepared by crushing the sample with a mulling agent which 
has an oily texture. A thin layer of this mull can now be applied on a salt plate to be 
measured. 

• Liquid samples are generally kept between two salt plates and measured since the 
plates are transparent to IR light. Salt plates can be made up of sodium chloride, 
calcium fluoride, or even potassium bromide. 

• Since the concentration of gaseous samples can be in parts per million, the sample 
cell must have a relatively long pathlength, i.e. light must travel for a relatively 
long distance in the sample cell. 
 

Thus, samples of multiple physical states can be used in Infrared Spectroscopy. 

4.6 INFRARED (IR) SPECTRA: 

IR Spectrum:  

The IR spectrum is a plot of % transmittance (or absorbance) of the radiation through 
the molecule versus wave number of the radiation. 

Particular chemical bonds absorb energy at a particular wavelength (wavenumber) 
regardless of the compound the bond is in. 

4.6.1 Different types of IR Bands: 
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Different functional groups and their region in spectra: 

 

Some values are given in the table below to help you solve the IR spectra: 

 
4.6.2 Information Obtained from an Unknown IR Spectra:  

• IR is most useful in providing information about the presence or absence of 
specific 
functional groups (FGR) 

• IR can provide a molecular fingerprint that can be used for the identification of 
samples (FPR) 
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4.7 INTERPRETATION OF SPECTRA 
Spectral Requirements: 

• The spectrum must be adequately resolved and of adequate intensity. 
The spectrum should be of a pure compound. 

• The spectrophotometer should be calibrated so that the bands are observed at their 
proper frequencies or wavelength. 

• The method of sample handling must be specified. If a solvent is employed, the 
solvent concentration, and the cell thickness should be indicated. 
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Typical Infrared Absorption Regions  

 

 

4.7.1 Simple Approach to the Analysis of Spectrum at a Glance:  
(General Rules) 
 
Look if carbonyl group is present?...... The C=O gives strong absorption in the region 
1820-1660 cm-1 
 
If C=O is present, check for the presence of following group: 
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If C=O is absent, then check, Alcohols and Phenols: Check for O-H, show broad 
absorption near 3400-3300 cm-1. Confirm this by finding C-O near 1300-1000cm-1. 
 

Amines: N-H stretch, show medium absorption near 3400 cm-1 (1O – 2 bands, 2O-1 
band) Ethers: C-O near 1300-1000cm-1,and also absence of O-H near 3400cm-1 

Double bonds and / or Aromatic ring: 

C=C is a weak absorption near 1650 cm-1 
Medium to strong absorption 1600-1450 cm-1 
Aromatic C-H occurs to left of the 3000 cm-1 
Aliphatic C-H occurs to right of 3000 cm-1 
Triple bonds: 
C≡N medium, sharp absorption near 2250 cm-1 
C≡C weak sharp absorption near 2150 cm-1 
Nitro groups 
Two absorptions at 1600-1530 cm-1 & 1390-1300 cm-1 
Hydrocarbons 
None of the preceding is found 
Major absorptions are in C-H region near 3000 cm-1 

Very simple spectrum 
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4.7.2 Illustrations 

Taking example of drugs 
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SELF-ASSESSMENT QUESTIONS: 

1. What is the wavelength range for UV spectrum of light? 

 
a) 400 nm – 700 nm 

 
b) 700 nm to 1 mm 

 
c) 0.01 nm to 10 nm 

 
d) 10 nm to 400 nm 

2.  Which of the following comparison is correct for solvent shift on the n –>π* 
transition of acetone? 

 
a) H20 = CH30H = C2H50H = CHC13 = C6H14 
b) H20 > CH30H > C2H50H > CHC13 > C6H14 
c) H20 < CH30H < C2H50H < CHC13 < C6H14 
d) H20 > CH30H < C2H50H < CHC13 < C6H14 

 
3.  In which unit Force constant is not expressed? 

a) Dynes cm-1 

b) dyne Å-1 

c) Nm-1 

d) kp 
 

4. Why ketenes absorb in IR at a very high frequency (2150 cm-1)? 

a) The inner C is sp hybridized 
b) The more s character in a bond, the stronger it is 
c) Inner C is sp2 hybridized 
d) Inner C is sp3 hybridized 

 
5. What is the relation between wave number of IR absorption and the reduced mass? 

 
a) Wave number is directly proportional to reduced mass 
b) Wave number is inversely proportional to reduced mass 
c) Wave number is independent of the reduced mass 
d) Wave number is directly proportional to square of reduced mass 
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6. Solve the following spectra of benzaldehyde. Identify peaks. 
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Answers: 
1 
Answer: d 
Explanation: Ultraviolet (UV) is an electromagnetic radiation with a wavelength from 10 
nm to 400 nm, shorter than that of visible light but longer than X-ray 
2 
Answer: c 
Explanation: H-bonding with ground state in n–> π* results in increase in energy gap & 
decrease in wavelength. 
And as polar solvents show strong H-bonding. So, the correct option is H20 < CH30H < 
C2H50H < CHC13 < C6H14. 

 

 

3 
Answer: d 
Explanation: All of the above units are correct for force constant except kp, i.e. kilogram 
force or kilopond, which is the unit of force. 

4 
Answer: c 
Explanation: Ketenes absorb in IR at a very high frequency (2150 cm-1) because inner C 
is sp2 hybridized. Bonds with more s character absorb at a higher frequency. 

5 Answer: b 
Explanation: v ∝ 1⁄√μ, frequency is directly proportional to wave number. So, wave 
number is inversely proportional to reduced mass as shown in the above relation. 
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INTRODUCTION  

The combination of a carbonyl group and a hydroxyl on the same carbon atom is called 
a carboxyl group. Compounds containing the carboxyl group are distinctly acidic and 
are called carboxylic acids. 

C

O

OH

Carboxyl group

C

O

R OH

Carboxylic acid

COOH

R

CO2H

R
Condensed
 structures  

Carboxylic acids are classified according to the substituent bonded to the carboxyl group. 
An aliphatic acid has an alkyl group bonded to the carboxyl group, and an aromatic 
acid has an aryl group. The simplest acid is formic acid, with a hydrogen atom bonded to 
the carboxyl group. Fatty acids are long-chain aliphatic acids derived from the 
hydrolysis of fats and oils. 

C

O

H OH

Formic acid

C

O

H2CH3C OH

Propionic acid
(aliphatic acid)

C
O

OH

Benzoic acid
(aromatic acid)

C

O

H3C(H2C)12 OH

Stearic acid
(fatty acid)  

 

OBJECTIVES 

After going through this unit, you will be able to: 

1.Explain the nomenclature of carboxylic acids 

2. Discuss the acidity of Carboxylic Acids 

3. Describe the different methods of preparation of Carboxylic Acids 

4. Perform reactions of Carboxylic Acids with other compounds 

5. Discuss the derivatives of Carboxylic Acids 
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5.1 Nomenclature, Preparation, and Physical Properties of 
Carboxylic acids 

5.1.1 Common Names: 

The common names of some basic carboxylic acids are derived from Latin names that 
indicate the first original natural source of the carboxylic acid. Below here is a list of 
some carboxylic acids with their common names along with their natural source: 

STRUCTURE OF ACID NATURAL SOURCE  COMMON NAME 

HCOOH Ants (Formica)      Formic acid 

CH3COOH Vinegar (Acetum)  Acetic acid 

C2H5COOH Basic Fat (Propio)  Propionic acid 

C3H7COOH Rancid butter (Butyrum)  Butyric acid 

C4H9COOH Present in a Valerian herb  Valeric acid 

C5H11COOH Goat (Caper)  Caproic acid 

5.1.2 Systematic Nomenclature: 

Here are some points you should keep in mind while giving names to carboxylic acids: 

1. Select the longest carbon chain having carboxylic acid group. 

2. The carbon adjacent to carboxylic group is called α (alpha) carbon and the carbon 
atom in the carboxyl group is NOT α carbon. e.g. 

 

3. The positions of other groups attached with the chain containing the carboxyl 
group are indicated by Greek letters α, β, γ, δ etc. 

4. Arrange the names of the substituents in alphabetical order in the systematic name 
of the poly-substituted carboxylic acid 
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5.1.3 IUPAC names 

The IUPAC nomenclature for carboxylic acids uses the name of the alkane that 
corresponds to the longest continuous chain of carbon atoms. The final -e in the alkane 
name is replaced by the suffix -oicacid. The chain is numbered, starting with the carboxyl 
carbon atom, to give positions of substituents along the chain. 

Propane propanoic acid
 

Example 

 

Parent Name: Butanoic acid     

Substituents: 2Methyl, 3Formyl, 4Phenyl.  

Complete name: 3-formyl-2methyl-4phenylbutanoic acid 

Unsaturated acids are named using the name of the corresponding alkene, with the final -
e replaced by -oic acid. The carbon chain is numbered starting with the carboxyl carbon, 
and a number gives the location of the double bond. The stereochemical terms cis and 
Trans (and Z and E) are used as they are with other alkenes. Cycloalkanes with ¬COOH 
substituents are generally named as cycloalkanecarboxylic acids. 

IUPAC
NAME

(E)-3-phenylprop-2-enoic acid (E)-4-methylhex-3-enoic acid

 

Aromatic acids of the form are named as derivatives of benzoic acid, (Ph-COOH). As 
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with other aromatic compounds, the prefixes ortho-, meta-, and para may be used to give 
the positions of additional substituents. Numbers are used if there are more than two 
substituents on the aromatic ring. Many aromatic acids have historical names that are 
unrelated to their structures. 

COOH

H2N

COOH

OH

COOH

COOH

o-hydroxybenzoic
 acid

Benzoic
acid

p-aminobenzoic
 acid o

a-naphthoic acid

 

5.1.4. Nomenclature of Dicarboxylic Acids  

A dicarboxylic acid (also called a diacid) is a compound with two carboxyl groups. The 
common names of simple dicarboxylic acids are used more frequently than their 
systematic names. A common mnemonic for these names is “Oh my, such good apple 
pie,” standing for oxalic, malonic, succinic, glutaric, adipic, and pimelic acids. 

COMMON NAME IUPAC NAME FORMULA 

oxalic Ethanedioic HOOC¬COOH 

malonic Propanedioic HOOCCH2COOH 

succinic Butanedioic HOOC1CH222COOH 

glutaric pentanedioic HOOC1CH223COOH 

adipic Hexanedioic HOOC1CH224COOH 

pimelic heptanedioic HOOC1CH225COOH 

 
The systematic name of an aliphatic dicarboxylic acid is derived by:  

(i) First identifying the parent chain that contains the two carboxylic acid groups and 
then adding a suffix -dioic acid to the name of the parent hydrocarbon. 

(ii) The parent chain is numbered from the end that gives the substituents in the chain 
the lowest possible address number.  

(iii) The substituents are arranged in alphabetical order in the full name of the 
dicarboxylic acid. 
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2-ethyl-3-methylpentanedioic acid  

 

The IUPAC name of a cyclic aliphatic or aromatic dicarboxylic acid is derived by adding 
a suffix -dicarboxylic acid to the name of the parent cycloalkane or arene i.e. 
cycloalkanedicarboxylic acid or arenedicarboxylic acid. 

CO2H

CO2H

CO2H

CO2H
Cycloheane-1,2-dicarboxylic acid Cyclohexane-1,3-dicarboxylic acid

4-methylbenzene-1,3,dicarboxylic acid 4-methylbenzene-1,3,dicarboxylic acid  

5.1.5  Structure and Physical properties of Carboxylic acids: 

The CO2H unit is planar and consistent with sp2 hybridization. There is resonance 
interaction of lone pairs of hydroxyl oxygen with π system of carbonyl. 

 

 

Microwave popcorn contains a type of carboxylic acid 
called perflourooctanoic, and are very dangerous. The 
same acid is used for non-stick products that you use to 
cook! υ It is also found in “virtually all junk food 
wrappers” υ The more exposure to perflourooctanoic 
acid can cause an increase for the likelihood of thyroid 
disease in children. 
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C

O

R OH
C

O

R OH

major minor
 

Boiling Point: Carboxylic acids boil at considerably higher temperatures than do 
alcohols, ketones, or aldehydes of similar molecular weights. For example, acetic acid 
(MW 60) boils at 118 °C, propan-1-ol (MW 60) boils at 97 °C, and propionaldehyde 
(MW 58) boils at 49 °C. 

C CH2
C

O
O

H3C OH

OH

H3CH2C H3CH2C H

Acetic acid Propan-1-ol Propionaldehyde
 

Melting point: Acids containing more than eight carbon atoms are generally solids, 
unless they contain double bonds. The presence of double bonds (especially cis double 
bonds) in a long chain impedes formation of a stable crystal lattice, resulting in a lower 
melting point. For example, both stearic acid (octadecanoic acid) and linoleic acid 
(cis,cis-octadeca-9,12-dienoic acid) have 18 carbon atoms, but stearic acid melts at 70 °C 
and linoleic acid melts at -5 °C. 

C

O

CH3(CHE2)16 0H

Stearic acid

C

C

(CH2)4CH3H

H C
H2

C C

(CH2)7COOH

HH

linoleic acid,  

Solubility: Carboxylic acids form hydrogen bonds with water, and the lower molecular-
weight acids (up through four carbon atoms) are miscible with water. As the length of the 
hydrocarbon chain increases, water solubility decreases until acids with more than 10 
carbon atoms are nearly insoluble in water. 

 

 

 

 

Test yourself 

Why carboxylic acids are 
soluble in  alcohols? 
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5.2 ACIDITYOF CARBOXYLIC ACIDS 

A carboxylic acid may dissociate in water to give a proton and a carboxylate ion. The 
equilibrium constant for this reaction is called the acid-dissociation constant. The Pka of 
an acid is the negative logarithm kaof and we commonly use pka as an indication of the 
relative acidities of different acids. 

H3C C

O

O
H3OH2OC

O

H OH

 

Ka CH3COO H3O CH3COOH
 

 

pKa and Ka values of different acids: 

FORMULA NAME VALUES 

pKa Ka (at 
25˚C ) 

 

HCOOH Formic acid 3.75                       1.77 ˣ 
10^-4 

CH3COOH Acetic acid 4.74                       1.76 ˣ 
10^-5 

C2H5COOH Propionic acid 4.87                       1.34 ˣ 
10^-5 

CH3(CH2O)2COOH Butyric acid 4.82                      1.54  ˣ 
10^-5 

CH3(CH2O)3COOH Pentanoic acid 4.81                      1.52  ˣ 
10-5 

Carboxylic acids 
are most acidic 
simple organic 

compounds 
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Dissociation of either an acid or an alcohol involves breaking an bond, but dissociation of 
a carboxylic acid gives a carboxylate ion with the negative charge spread out equally over 
two oxygen atoms, compared with just one oxygen in an alkoxide ion. This charge 
delocalization makes the carboxylate ion more stable than the alkoxide ion; therefore, 
dissociation of a carboxylic acid to a carboxylate ion is less endothermic than 
dissociation of an alcohol to an alkoxide ion. 

 

Electron-withdrawing groups enhance acidity because they help to stabilize the negative 
charge of the conjugate base (the carboxylate ion). The amount of stabilization depends 
on:  

1. The number of electrons withdrawing groups;  
2. The strength of the electron withdrawing groups; and  
3. The distance of the electron withdrawing groups from the COOH group. 
 
In the examples shown below, notice that a nitro substituent (electron-withdrawing) 
increases the strength of the acid, while a methoxy substituent (electron-donating) 
decreases the acid strength. The nitro group has a larger effect in the ortho and para 
positions than in the meta position. 

 

 

pKa of alcohol = 16 

pKa of acid ~ 5 
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5.3 PREPARATION OF CARBOXYLIC ACID: 

a. Oxidation of primary Alcohols: 

RCH2OH RCO2H

Oxidizing 
agent

Primary
alcohol

acid
 

Although, primary alcohols can be oxidized to carboxylic acids using strong oxidizing 
agents such as CrO3 , Na2Cr2O7 , K2Cr2O7 or KMnO4 , in practice, however, the 
oxidation of primary alcohols with acidic chromic acid solutions usually forms esters 
(acid-catalysed esterification between the carboxylic acid and the unreacted primary 
alcohol takes place) making this strategy synthetically inefficient. 

RCH2OH RCO2H
H

H2ORCOCH2R

O

Ester waterAcidAlcohol
 

The best conditions for the oxidation of primary alcohols to carboxylic acids is under the 
basic conditions employing potassium permanganate 

RCH2OH
Alcohol

KMNO4

KOH
RCO2K

H

Acidif ication
RCO2H

Acid
 

Example: 

CH2OH

KMNO4

KOH
CO2K

H

Acidif ication
CO2H

Cyclohexylmethanol Cyclohexanecarboxylic acid  
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b. oxidation of Aldehydes to Carboxylic Acids: 

RCHO RCO2H

Oxidizing 
agent

Aldehyde Acid
 

Aldehydes can be oxidised to carboxylic acids by a variety of oxidizing agents. Both 
strong and mild oxidizing agents may be employed successfully. 

oxidation in water or mild
Na2Cr2O7    OR   K2Cr2O7
oxidation in dilute mineral acid

KMnO4
oxidation in basic media in presence of  KOH

CrO3

Strong oxidizing agrents

Ag2O

NOTE: it will not 
oxidize alcohols

Mild oxidizing agent

 

Oxidations of aldehydes with KMnO4 in basic media yields a carboxylate salt that must 
be acidified to provide the free carboxylic acid. 

C6H5CHO
KMnO4
NaOH,
H2O

C6H5CO2Na
H3O

C6H5CO2H

 

Some aldehydes may contain other functional groups that are sensitive to oxidation. The 
selective oxidation of such aldehydes requires the use of mild and selective oxidizing 
agents for aldehydes such as silver(I)oxide. 

Ph H Ph OH

O O

Ag2O

Cinnamaldehyde Cinnamic acid
 

c. Ozonolysis of Alkenes to Carboxylic Acids: 

Ozonolysis of appropriately substituted alkenes under oxidative cleavage (H2O2 ) 
conditions provides carboxylic acids. 
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RCH CHR 2 RCO2H
O3

H2O2 Carboxylic acidAlkene
 

Example: 

O3

H2O2
HOOC(CH2)4COOH

cyclohexene
Hexanedioic acid
(Adipic acid)  

d. Ozonolysis of Alkynes to Carboxylic Acids: 

Ozonolysis of alkynes under hydrolytic conditions lends access to carboxylic acids. 

RC CR
O3
H2O

2 RCO2H
Alkyne Carboxylic acid

 

Example: 

CH3(CH2)5C CH
O3

H2O
CH3(CH2)5CO2H HCO2H

Heptanoic acid Formic acid1-Octyne  

e. Carboxylation of Grignard reagent: 

The reaction of Grignard reagents with carbon dioxide can be used to prepare carboxylic 
acids containing one more carbon atom than the parent alkyl/aryl halide of the 
organomagnesium reagent. 

R Br
Mg

R MgBr
CO2

R CO2MgBr H3O RCO2H Mg

Br

OHAlkyl halide Grignard
reagent

Acid
 

The nucleophilic carbon atom of the organometallic reagent attacks the carbon of the 
carbonyl group, while the magnesium atom complexes with the oxygen atom. 

Mg

R

X

X=Cl,Br

C

O

O

R C

O

OMgX

H
H2O

RCO2H MgX(OH)

Carboxylate salt
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Example

CH3CH2CH OH

CH3
PBr3

CH3CH2CH Br

CH3

Mg
CH3CH2CH MgBr

CH3

2-butylmagnesiumchloride
(grignard reagent)

CO2

CH3CH2CH CO2MgBr

CH3

H3O
CH3CH2CH CO2H

CH3

2-Methylbutanoic acid

 

f. Hydrolysis of Nitriles: 

Acid-catalysed hydrolysis of nitriles provides carboxylic acids. 

RC N
H2O

HEAT
RCO2H NH4

 

Most aliphatic nitriles are obtained by a nucleophilic substitution reaction of cyanide ions 
with alkyl halides. 

R Br
NaCN

RC N NaBr
Alkyl halide Alkyl nitrile

 

Example: 

BrCH2CH2CH2Br
2 NaCN

NCCH2CH2CH2CN
H2O

HCl
HOOC(CH2)3COOH

1,3-dibromopropane Pentanedinitrile Glutaric acid
pentanedioic acid

 

g. Side-Chain Oxidation of Alkylbenzenes to Benzoic Acids: 

Oxidation of alkylbenzenes using strong oxidizing agents provides benzoic acids. The 
entire alkyl chain, regardless of its length, is oxidised to a carboxyl (-COOH) group. 

 

R CrO3 H2O

OR
1. KMnO4, KOH
2. H3O

CO2H
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Example: 

CH3

CH3

CrO3

H2SO4

CrO3
H2SO4

CO2H

CO2H

CO2H

CO2H

CO2

 

 

All the functional derivatives of carboxylic acid yield carboxylic acid upon hydrolysis. 

 

 

 

5.4 REACTIONS OF CARBOXYLIC ACIDS: 

The reactions of carboxylic acids can be directed to various sites on the carboxyl group. 

R C

O

O H

electron rich oxygen targets electrophiles like proton

acidic proton targeted by bases

electron defecient carbon targeted by nucleophiles  

Reactions of carboxylic acids can be placed into four categories:  

(1) Reactions at the acidic hydrogen on the carboxyl group. 

(2) Reactions in which OH group is replaced. 

(3) The reactions involving carboxyl group as a whole. 
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Carboxylic acids are weaker acids than mineral acids. They furnish H when dissolved in 
water and proton breaks away as H3O+ 

a. Reactions with bases: 

They react with bases e.g. NaOH/KOH to form salt. 

CH3COOH CH3COONa H2ONaOH  

b. Reaction with carbonates and bicarbonates: 

Carboxylic acids decompose carbonates and bicarbonates evolving CO2 gas with 
effervescence. 

2CH3COOH 2CH3COONa H2ONa2CO3 CO2

CH3COOH NaHCO3 CH3COONa H2O CO2
 

c. Reactions with metals: 

Carboxylic acids react with active metals like Na, K, Ca, Mg etc. to form their salts with 
evolution of hydrogen gas. 

2CH3COOH 2Na 2CH3COONa H2
 

d. Preparation of acyl chlorides: 

Acyl chlorides are prepared by treating carboxylic acids with thionyl chloride (SOCl2) in 
presence of a base. 

CH3COOH SOCl2 CH3COCl SHO2 HClpyridine
 

e. Preparation of anhydrides: 

Two molecules of acid condense to give anhydride. 

2 R
C

O

OH R

C
O

C

R

OO

H2O
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f. Preparation of Esters: 

RCOOH ROH RCOOR H2OH
Heat

 

This reaction is known as Fischer Esterification. The Fischer esterification converts 
carboxylic acids and alcohols directly to esters by an acid-catalyzed nucleophilic acyl 
substitution. The net reaction is replacement of the acid group by the group of the 
alcohol. 

The mechanism of the Fischer esterification would seem long and complicated if you 
tried to memorize it, but we can understand it by breaking it down into two simpler 
mechanisms:  

(1) acid-catalyzed addition of the alcohol to the carbonyl and  

(2) acid-catalyzed dehydration.  

If you understand these mechanistic components, you can write the Fischer esterification 
mechanism without having to memorize it. 

R C

O

OH
H

R C OH

OH

R OH

R C

OH

OH

OHR

R OH

R COH

OH

OR

ester hydrate

Part 1: Acid-catalyzed addition of  the alcohol to the carbonyl group

Protonation activates
the carbonyl

The alcohol adds

Deprotonation completes the reaction.

(Species in brackets are resonance-stabilized.)

Part 2: Acid-catalyzed dehydration.

R C

OH

OH

OR

H
R C OH2

HO

OR

R C

OH

OR

H2O
ROH R C

O

OR

ROH2Protonation prepares
the OH group to leave

Water leaves. Deprotonation completes 
the reaction

 

g. Preparation of Amides: 

Amides can be synthesized directly from carboxylic acids, using heat to drive off water 
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and force the reaction to completion. The initial acid–base reaction of a carboxylic acid 
with an amine gives an ammonium carboxylate salt. The carboxylate ion is a poor 
electrophile, and the ammonium ion is not nucleophilic, so the reaction stops at this point. 
Heating this salt to well above 100 °C drives off steam and forms an amide. This direct 
synthesis is an important industrial process, and it often works well in the laboratory. 

R C

O

OH R2NH R C

O

O

R2NH2

R C

O

NR2
H2OHEAT

 

h. Reduction of carboxylic acid: 

Lithium aluminum hydride (LiAlH4 or LAH) reduces carboxylic acids to primary 
alcohols. The aldehyde is an intermediate in this reduction, but it cannot be isolated 
because it is reduced more easily than the original acid. 

R C

O

OH 1 LiAlH4
2 H3O

R
H2
C OH

 

Decarboxylation: 

Loss of carbon dioxide is called decarboxylation. Simple carboxylic acids rarely undergo 
decarboxylation. Carboxylic acids with a carbonyl group at 3 position readily undergo 
thermal decarboxylation e.g. derivatives of malonic acid. 

HO OH

O O

Malonic acid

HO O

O O
H

Slow
C

O

O

H2C
C

O

OH

H
Fast

HO C

O

CH3

2 Molecules

 

5.5 Functional Derivatives of Carboxylic Acids 

It is family of closely related functional groups each contains acyl group with a 
heteroatom attached. They also share a common reactivity pathway with nucleophiles: 
nucleophilic acyl substitution. 

You can also define these as; A functional derivative of a carboxylic acid is a substance 
formed by replacement of the hydroxyl group of the acid by some other group, X, such 
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that it can be hydrolyzed back to the acid. e.g. 

R C

O

OH HX R C

O

X H2O
 

By this definition, an amide, RCONH2, but not a ketone, RCOCH3, is a functional 
derivative of a carboxylic acid. Some functional derivatives of carboxylic acid are listed 
below: 

R C

O

Cl

Acyl chloride

R O R

O O

Acid anhydride

R C

O

OR

Ester

R C

O

NR2

Amide

 

IMPORTANT: Reactivity order is as follows: 

Acyl chloride ˃ anhydride ˃ ester=carboxylic acid ˃ amide ˃ carboxylate 

Acyl Halide: 

Acid halides, also called acyl halides, are activated derivatives used for the synthesis of 
other acyl compounds such as esters, amides, and acyl benzenes (in the Friedel–Crafts 
acylation). The most common acyl halides are the acid chlorides (acyl chlorides). 

1. Acyl chlorides are the most reactive of carboxylic acids derivatives and therefore 
can be readily converted into other carboxylic derivatives (see below) 

2. They are sufficiently reactive that they react quite readily with cold water and 
hydrolyze to carboxylic acid. 

3. The HCl by-product is usually removed by adding a base such as pyridine or 
trimethylamine. 

4. Interconversion reactions of acyl chlorides: 
 

R
C

O

Cl

RCO3H
pyridine

ROH
pyridine
H2O

RNH2
Base

R O R

O O

R C

O

OR

R COOH

R CONHR amides

acids

esters

acid anhydrides
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The halogen atom of an acyl halide inductively withdraws electron density from the 
carbonyl carbon, enhancing its electrophilic nature and making acyl halides particularly 
reactive toward nucleophilic acyl substitution. The halide ion also serves as a good 
leaving group. 

R
C

O

Cl

Nu

C

O

Nu

ClR R C

O

Nu Cl
leaving group

 

An acid halide is named by replacing the -ic acid suffix of the acid name (either the 
common name or the IUPAC name) with -yl and the halide name. For acids that are 
named as alkane carboxylic acids, the acid chlorides are named by using the suffix -
carbonyl chloride. 

H3C C

O

F
ethanoyl f luoride
acetyl f luoride

F C

O

CH3CH2

propanoyl chloride
propionyl chloride

C

cyclopentanecarbonyl chloride

Cl

O

 

Acid Anhydride: 

The word anhydride means “without water.” An acid anhydride contains two molecules 
of an acid, with loss of a molecule of water. Addition of water to an anhydride 
regenerates two molecules of the carboxylic acid. 

 

Like acid halides, anhydrides are activated derivatives of carboxylic acids, although 
anhydrides are not as reactive as acid halides. In an acid chloride, the chlorine atom 
activates the carbonyl group and serves as a leaving group. In an anhydride, the 
carboxylate group serves these functions. 
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Half of an anhydride’s acid units are lost as leaving groups. If the acid is expensive, we 
would not use the anhydride as an activated form to make a derivative. The acid chloride 
is a more efficient alternative, using chloride as the leaving group. Anhydrides are used 
primarily when the necessary anhydride is cheap and readily available. Acetic anhydride, 
phthalic anhydride, succinic anhydride, and maleic anhydride are the ones we use most 
often. Diacids commonly form cyclic anhydrides, especially if a five- or six-membered 
ring results.  

Anhydride nomenclature is very simple; the word acid is changed to anhydride in both 
the common name and the IUPAC name (rarely used). The following examples show the 
names of some common anhydrides: 

 

Anhydrides composed of two different acids are called mixed anhydrides and are named 
by using the names of the individual acids. 
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Reactions of anhydride. 

 

Nitriles 

Nitriles contain the cyano group,-CN. Although nitriles lack the carbonyl group of 
carboxylic acids, they are classified as acid derivatives because they hydrolyze to give 
carboxylic acids and can be synthesized by dehydration of amides. 

 

Common names of nitriles are derived from the corresponding carboxylic acids. Begin 
with the common name of the acid, and replace the suffix -ic acid with the suffix -
onitrile. The IUPAC name is constructed from the alkane name, with the suffix -nitrile 
added. 

 

For acids that are named as alkanecarboxylic acids, the corresponding nitriles are named 
by using the suffix -carbonitrile. The group can also be named as a substituent, the cyano 
group. 
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Esters: 
Esters are carboxylic acid derivatives in which the hydroxyl group is replaced by an 
alkoxy group. An ester is a combination of a carboxylic acid and an alcohol, with loss of 
a molecule of water. We have seen that esters can be formed by the Fischer esterification 
of an acid with an alcohol (Reaction of carboxylic acid). 

 

The names of esters consist of two words that reflect their composite structure. The first 
word is derived from the alkyl group of the alcohol, and the second word from the 
carboxylate group of the carboxylic acid. The IUPAC name is derived from the IUPAC 
names of the alkyl group and the carboxylate, and the common name is derived from the 
common names of each. The following examples show both the IUPAC names and the 
common names of some esters: 

 

 

 

Lactones Cyclic esters are called lactones. A lactone is formed from an openchain 
hydroxy acid in which the hydroxyl group has reacted with the acid group to form an 
ester. 
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The IUPAC names of lactones are derived by adding the term lactone at the end of the 
name of the parent acid. The common names of lactones, used more often than IUPAC 
names, are formed by changing the -ic acid ending of the hydroxy acid to –olactone. A 
Greek letter designates the carbon atom that bears the hydroxy group to close the ring. 
Substituents are named just as they are on the parent acid. 

 

Reactions of ester. 

 

Amides 
An amide is a composite of a carboxylic acid and ammonia or an amine. An acid reacts 
with an amine to form an ammonium carboxylate salt. When this salt is heated to well 
above 100 °C, water is driven off and an amide results. 
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An amide of the form is called a primary amide because there is only one carbon atom 
bonded to the amide nitrogen. An amide with an alkyl group on nitrogen is called a 
1R¬CO¬NHR¿2 secondary amide or an N-substituted amide Amides with two alkyl 
groups on the amide nitrogen (R-CO-NR2) are called tertiary amides or N,N-disubstituted 
amides. 

 

To name a primary amide, first name the corresponding acid. Drop the -ic acid or -oic 
acid suffix, and add the suffix -amide. For secondary and tertiary amides, treat the alkyl 
groups on nitrogen as substituents, and specify their position by the prefix N-. 

 

For acids that are named as alkanecarboxylic acids, the amides are named by using the 
suffix -carboxamide. Some amides, such as acetanilide, have historical names that are 
still commonly used. 

 

Lactams Cyclic amides are called lactams. Lactams are formed from amino acids, where 
the amino group and the carboxyl group have joined to form an amide. Lactams are 
named like lactones, by adding the term lactam at the end of the IUPAC name of the 
parent acid. Common names of lactams are formed by changing the -ic acid ending of the 
amino acid to –olactam. 
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SELF -ASSESSMENT QUESTIONS: 

Q.1 Which of the following carboxylic acids has the highest boiling point? 
1. Heptanoic  
2. Octanoic  
3. Nonanoic 
4. Decanoic 
 

In the compound below, which of the following substituents replacing X would result in 
the most reactive compound? 

 

1. (NCH3)3 
2. Cl 
3. CH3 
4. OCOCH3 
 
Q.2 Name the following compounds (IUPAC NAMES) 
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Q.3 For each of the following, determine which is more reactive and then explain why 

 

 

Q.4 Nomenclature – Double Check! 

 

Answer key: 

Q.1 

(Increased intermolecular forces increase the ability of molecules to stick together, 
causing the need for more energy to break them apart.) Option D 

(Molecules with carbonyl groups are more reactive when electrons are drawn away from 
the carbonyl carbon, making that carbon electrophilic and receptive to a nucleophilic 
attack.)  

Option 2 

Q.2 

A. 5-oxopentanoic acid  
B.  5-hydroxyheptanoic acid  
C. 4-phenylbutanoic acid  
D. 5-hexenoic acid 
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Q.3 

A. The acid halide is more reactive than the ester. The acid halide has a great leaving 
group (that is electronegative and a larger atom, better able to stabilize an anion) and a 
very large partial positive charge (due to the oxygen and the chlorine attached – both 
electronegative) making it a strong electrophile. The larger size of the chlorine atom 
prevents it from doing any resonance donation to the carbonyl group. The ester is less 
reactive than the acid halide because the oxygen atom is not as good of a leaving group 
(electronegative but smaller atom so anion less stable) and the oxygen atom can donate 
electron density towards the carbonyl carbon, making the partial positive charge smaller 

B. The second acid halide is more reactive as the carbonyl carbon on the right is less 
sterically hindered. The alpha carbon on the right is secondary while the alpha carbon on 
the left is quaternary.  

C. The ester is more reactive than the amide. The ester carbonyl carbon has a larger 
partial positive charge due to the two electronegative oxygen atoms attached and the 
minimal resonance donation from the oxygen atom. The oxygen anion leaving group is 
reasonably stable due to oxygen’s electronegativity. The amide has a carbonyl with an 
oxygen atom and a nitrogen atom attached (nitrogen less electronegative so less electron-
withdrawing). The nitrogen leaving group (the - NHCH2CH3) is a very unstable anion 
due to lower nitrogen electronegativity and poor leaving group) and the nitrogen atom is 
stronger than oxygen at resonance stabilization so more electron-donation towards the 
carbonyl carbon, significantly decreasing the size of the partial positive charge on the 
amide carbonyl even further. 

D. The acid anhydride is more reactive than the ester. Both carbonyl compounds have 
two oxygen atoms attached and two electron-withdrawing groups on the carbonyl carbon. 
The acid anhydride has a better, more stable leaving group than the ester (resonance 
stabilized anion versus anion not resonance stabilized). There is also less resonance 
donation towards the carbonyl from the leaving group atom (split between two carbonyls 
in the anhydride). 

 

Q.4 

a. methyl 4-oxohex-5-enoate  
b. 2-(2-hydroxyethyl) hexanedioic acid  
c. 2-(3-bromocarbonylpropyl) hexanoic acid  
d. 2-(2-methoxyethyl) hexanedioic acid 
 

142 
 



 

REFERENCES: 

[1] L. G, . WA D E, J. R. (2013). ORGANIC CHEMISTRY EIGHTH EDITION (8th Ed.). 
Harlow, United Kingdom: Pearson Education. 

[2] John D. Robert and Marjorie C. Caserio (1977) Basic Principles of Organic 
Chemistry, second edition. W. A. Benjamin, Inc., Menlo Park, CA. ISBN 0-8053-8329-
8.  

[3] Badea, radu, g.-i., Gabriel Lucian. (2018). Carboxylic acid: key role in life sciences. 
London, United Kingdom: Intech-open. 

[4] Ouellette, Rawn, J. David. (2015). Principles of Organic Chemistry. Maarssen, 
Netherlands: Elsevier Gezondheidszorg. 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

 

143 
 



 

UNIT-6 

 
CARBOHYDRATES 

 
Written By: Miss Sadia Khatoon 
Reviewed By: Dr. Aftab Ahmed 

 
 

 

144 
 



 

 

CONTENTS 

Introduction  ....................................................................................................... 146 

Objectives   ....................................................................................................... 146 

6.1 Classification of carbohydrates .......................................................................... 147 

6.2 Monosaccharides ............................................................................................... 147 

6.3 Nomenclature of monosaccharides…… ............................................................. 149 

6.4 Configuration of Monosaccharides……. ............................................................ 152 

6.5 Reactions of Monosaccharides…… ................................................................... 153 

6.6 Structure of Glucose….. .................................................................................... 154 

6.7 Structure of Fructose…… .................................................................................. 155 

6.8 Di and Polysaccharides…. ................................................................................. 155 

  

145 
 



 

INTRODUCTION 

The carbohydrates word comes from Greek word Sakharon meaning sugar. 
Carbohydrates are the richest organic molecules in nature. They have an extensive range 
of functions, comprising providing a major fraction of the dietary calories for most 
organisms, serving as a storage form of energy in the body, and serving as cell membrane 
components that function as intercellular communication. Carbohydrates are poly 
hydroxy aldehydes or ketones, or substances that yield such compounds on hydrolysis. 
General formula of carbohydrates is (CH2O) n;  

OBJECTIVES 

After learning this unit, you will be able to: 

1. Classify different carbohydrates 

2. Differentiate monosaccharides and polysaccharides 

3. Give names of different carbohydrates 

4. Perform reactions of carbohydrates 

5. Identify the structure of carbohydrates 

6. Distinguish different carbohydrates 
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6.1 CLASSIFICATION OF MONOSCCHRIDES 

Carbohydrates are classified according to the number of carbon atoms they contain. The 
classifications in to four major groups such as monosaccharides, disaccharides, 
oligosaccharides and polysaccharides .Most monosaccharides are the simple sugar that 
contain from three to nine carbon atoms are called monosaccharides. Disaccharides are 
formed when two monosaccharides combine with each other. Oligosaccharides, consist 
of short chains of monosaccharide units, joined through glyosidic bonds. Carbohydrates 
with an aldehyde as a functional group are called aldoses, whereas with a keto as a 
functional group are called ketoses For example, glyceraldehyde is an aldose, whereas 
dihydroxy acetone is a ketose. 

6.2 MONOSACCHARIDES 

Monosaccharides comprise a single polyhydroxy aldehyde or ketone unit (e.g., glucose, 
fructose). Monosaccharides are classified according to the number of carbon atoms they 
contain.  

 

# Carbons Category Name Relevant examples 

3 Triose Glyceraldehyde, Dihydroxyacetone 

4 Tetrose Erythrose 

5 Pentose Ribose, Ribulose, Xylulose 

6 Hexose Glucose, Galactose, Mannose, Fructose 

7 Heptose Sedoheptulose 

9 Nonose Neuraminic acid, also called sialic acid 

 

The occurrence of an aldehyde is specified by the prefix aldo- and a ketone by the prefix 
keto. Monosaccharides have two families which are Aldoses and Ketoses. 
Monosaccharides are mostly colorless, crystalline solids so that easily soluble in water 
but insoluble in nonpolar solvents. Most of the monosaccharides are sweet in taste. 
Monosaccharides molecules are unbranched in which all the carbon atoms are connected 
by single bonds. In the open-chain form, one of the carbon atoms is double-bonded to an 
oxygen atom to form a carbonyl group; each of the other carbon atoms has a hydroxyl 
group. If the carbonyl group is at an end of the carbon chain then monosaccharide is an 
aldose; if the carbonyl group is at any other position the monosaccharide is a ketose.  
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Examples of D -aldose 

 

Examples of D-ketose 
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 Monosaccharides having four, five, six, and seven carbon atoms in their backbones are 
named as tetroses, pentoses, hexoses, and heptoses. Each of these chain lengths: 
aldotetroses and ketotetroses, aldopentoses and ketopentoses, and so on. The most 
common monosaccharides in nature hexoses, which is aldohexose D-glucose and the 
ketohexose D-fructose 

6.3 NOMENCLATURE OF CARBOHYDRATES 

6.3.1 Naming of Acyclic Monosaccharide: 

Acyclic monosaccharides have three major different characteristics:  

i. The number of carbon atoms it contains 
ii. its D or L configuration 

iii. The placement of its carbonyl group (aldehyde or ketone). 
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These characteristics are linked to the name of monosaccharide carbohydrates. Three 
carbon monosaccharides are named trioses, four carbons are known as tetroses, five 
carbons are named as pentose, and six carbons are named as hexoses, and so on.  
 

 

The carbonyl group is placed at the beginning of the saccharide. If the carbonyl group is 
an aldehyde then the monosaccharide is an aldose, and if the carbonyl group is a ketone, 
then the monosaccharide is a ketose. 

 

A monosaccharide is given D configuration if the hydroxyl group is to the right of the last 
stereo center in a Fischer projection, whereas L configuration is given if the OH is to the 
left of the last stereo center carbon. D or L is typically put in the beginning of the 
carbohydrate when naming the molecule. Note: Designation of D or L narrates the 
configuration of a given molecule and does not specify the sign (+ or -) of rotation of 
plane-polarized light 

6.3.2 Naming of Cyclic Monosaccharide  

Cyclic monosaccharides mostly contain of 5 or 6 carbon ring. 5 carbon rings have the 
suffix furanose and 6 carbon rings have the suffix pyranose. Also, when acyclic 
molecules are turned into cyclic molecule, it creates a chiral center at the anomeric 
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carbon, and this gives rise to α and β anomers. α means that the anomeric OH and 
CH2OH groups are trans whereas β means anomeric OH and CH2OH groups are cis. 
These anomers are placed in the beginning in naming cyclic carbohydrates. 

 

 

6.3.3 Naming of Cyclic Disaccharides 

Two monosaccharides units are joined by a glyosidic bond form a disaccharide. The link 
between these two bonds is characterized by the carbon that they are attached to. For 
example, in both maltose and cellobiose (the glucose units are 1-4 linked, meaning that 
the C-1 of one glucose is linked by a glyosidic bond to the C-4 oxygen of the other 
glucose. The only difference between them is in the configuration at the glyosidic bond. 
Maltose exists in α configuration, whereas cellobiose is β. 

 

6.3.4 Naming of Cyclic Polysaccharides  
The most common polysaccharides are cellulose, starch and Cellulose 
 

This polysaccharide is 1, 4’- β -glucopyranose polymer. All the individual sugars are 
glucose, so the prefix is gluco and they all contain 6 carbons so it’s a pyranose. It is β 
because carbon 1 and carbon 4 are cis to CH2OH. The word polymer is added because 
it’s a chain of glucose. 
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6.4 CONFIGURATION OF MONOSACCHARIDES 

Like many chiral molecules, the two stereoisomers of glyceraldehyde will gradually 
rotate the polarization direction of linearly polarized light as it passes through it, even in 
solution. The two stereoisomers are identified with the prefixes D- and L-, according to 
the sense of rotation: D-glyceraldehyde is dextrorotatory (rotates the polarization axis 
clockwise), while L-glyceraldehyde is levorotatory (rotates it counterclockwise). 

 

D- and L-glucose 

The D- and L- prefixes are also used with other monosaccharides, to distinguish two 
particular stereoisomers that are mirror-images of each other. For this purpose, one 
considers the chiral carbon that is furthest removed from the C=O group. Its four bonds 
must connect to −H, −OH, −C(OH)H, and the rest of the molecule. If the molecule can be 
rotated in space so that the directions of those four groups match those of the analog 
groups in D-glyceraldehyde's C2, then the isomer receives the D- prefix. Otherwise, it 
receives the L- prefix. 

In the Fischer projection, the D- and L- prefixes specifies the configuration at the carbon 
atom that is second from bottom: D- if the hydroxyl is on the right side, and L- if it is on 
the left side. 

Note that the D- and L- prefixes do not indicate the direction of rotation of polarized light, 
which is a combined effect of the arrangement at all chiral centers. However, the two 
enantiomers will always rotate the light in opposite directions, by the same amount. See 
also D/L system. 
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6.5 REACTIONS OF MONOSACCHARIDES 

Important reactions of monosaccharides are given below: 

• Oxidation to acidic sugars 
• Reduction to sugar alcohols  
• Glycoside formation  
• Amino sugar formation  
 Oxidation to acidic sugars 
 Reducing sugars- a sugar aldehyde or ketone which can be oxidize to an acid and drive 
the reduction of a metal ion. Oxidation can yield three different types of acidic sugars 
depending on the type of oxidizing agent used: Weak oxidizing agents such as Tollens 
and Benedict’s solutions oxidize the aldehyde end to give an aldonic acid.  

 

 

Enzyme oxidation  

In biochemical systems enzymes can oxidize the primary alcohol end of an aldose such as 
glucose, without oxidation of the aldehyde group, to produce an alduronic acid. 

 

Reduction to sugar alcohols:  

In a monosaccharide the carbonyl group is reduced to a hydroxyl group using hydrogen 
as the reducing agent. The product is the corresponding polyhydroxy alcohol - sugar 
alcohol. Sorbitol is used as moisturizing agents in foods, cosmetics and in chewing gum 
used as a sweetening agent. 
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  Glycoside formation 

 Simple carbohydrates such as Monosaccharide and Disaccharide glucose or fructose. 
Disaccharides are two monosaccharides associated by a linking O atom called a 
glycosidic bond. Glycosidic bond- covalent bond between a hemiacetal or hemiketal and 
an alcohol. Glycoside- compound designed when a sugar in the cyclic form is joined to 
an alcohol through a glycosidic bond to another sugar molecule as shown below. 

 

6.6 STRUCTURE OF GLUCOSE 

Glucose is also known asdextrose.Glucose as simple sugars from Greek glykys; meaning 
“sweet. Glucose has the molecular formula C6H12O6. It is mostly found in fruits 
and honey .Glucoseis the most common monosaccharide consumed and is thecirculating 
sugar of the bloodstream. Insulin and glucagon regulateblood levels of glucose.  

Grape fruits contains (20 - 30% by mass) of glucose. Six membered cyclic form as given 
below 
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6.7 STRUCTURE OF FRUCTOSE 

Fructose is slightly sweeter than glucose. It is transitional inmetabolism and is found in 
many fruits. Fructose is Ketohexose. Fructose is found in many fruits and in honey. 
Fructose is considered as good dietary sugar-- due to higher sweetness. Five membered 
cyclic form 

 

6.8 DI AND POLY SCCHRIDES 

6.8.1 Disaccharides 

Disaccharides involve two monosaccharide units linked together through a covalent bond 
(e.g., sucrose) 

Two monosaccharides can be linked together through a glycosidic linkage.

 

Examples of Disaccharides are maltose, lactose, sucrose 

Maltose 
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 Maltose is also called as malt sugar. It is generally found in germinating grain (such as 
barley), and maltose is formed during starch hydrolysis during digestion. Because 
maltose is a reducing sugar having hemiacetal group. 

 

Lactose 

 Lactose also called as milk sugar. 5% lactose is present in cow's milk and 7% of human 
milk. Lactose is digested by the enzyme lactase. 

 

 

Sucrose 

Sucrose also called as table sugar. Anomeric carbons such as glucose and fructose joined 
together in the glyosidic linkage sucrose are formed. Sucrose is not a reducing sugar. 
Sucrose is rich in sugar cane and sugar beets.  

 

156 
 



 

6.8.2 Oligosaccharides 

Oligosaccharides comprise from 3 to 10 monosaccharide units (e.g., raffinose). 
Oligosaccharides are short polymers of several monosaccharides joined by glycosidic 
bonds. 

 

6.8.3 Polysaccharides 

Polysaccharides consists of very long chains of hundreds or thousands of monosaccharide 
units, which may be straight or branched chains such as cellulose, glycogen, starch. 
Polysaccharides are not reducing sugars, since the anomeric carbons are connected 
through glycosidic linkages.  

Starch 

 Starch is a polymer containing of D-glucose units.  Starches are mostly insoluble in 
water because of the high molecular weight; starch can form thick colloidal suspensions 
with water.  There are two forms of starch: amylose and amylopectin. 

Amylose 

 Amylose comprises of long, unbranched chains of glucose (from 1000 to 2000 
molecules) connected by (1→4) glycosidic linkages.  10%-20% of the starch in plants is 
in this form of amylose.

 

Amylopectin  

 Amylopectin consists of long chains of glucose (up to 105 molecules) connected by 
α(1→4) glyosidic linkages, with α(1→6) branches every 24 to 30 glucose units along the 
chain.  80%-90% of the starch in plants is in this form. 
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Cellulose  
Cellulose is a polymer consisting of long, unbranched chains of D-glucose connected by 
β(1→4) glyosidic linkages. Due to the β-linkages cellulose has different shapes.Cellulose 
is a significant structural polysaccharide, and is the single richest organic compound on 
earth. Cellulose provides strength and rigidity in plants and 50% cellulose is present in 
plants.  Most of the animals lack the enzymes cellulase which digests cellulose. Cellulose 
is also important in the industrial field because it is present in wood, paper, cotton, 
cellophane, rayon, linen photographic films (cellulose acetate), etc. 

 
Key concepts of carbohydrates 
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SELF-ASSESSMENT QUESTIONS 

Q. How carbohydrates are classified? 

Q. Differentiate monosaccharides and Disaccharides? 

Q.  Define oligosaccharides. 

Q. Discuss polysaccharides with examples. 
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INTRODUCTION 

Synthetic polymers are human-made polymers derived from petroleum oil. From the 
utility point of view, they can be classified into three maincategories: thermoplastics, 
elastomers and synthetic fibers.  

They are found commonly in a variety of consumer products such as honey, glue, etc. 

A wide variety of synthetic polymers are available with variations in main chain as well 
as side chains. The back bones of common synthetic polymers such as polythene, 
polystyrene and poly acrylates are made up of carbon-carbon bonds, whereas hetero 
chain polymers such as polyamides, polyesters, polyurethanes, polysulfides and 
polycarbonates have other elements (e.g. oxygen, sulfur, nitrogen) inserted along to the 
backbone. Also silicon forms similar materials without the need of carbon atoms, such 
as silicones through siloxane linkages; these compounds are thus said to be inorganic 
polymers. Coordination polymers may contain a range of metals in the backbone, with 
non-covalent bonding present.Some familiar household synthetic polymers 
include: Nylons in textiles and fabrics, Teflon in non-stick pans, Bakelite for electrical 
switches, polyvinyl chloride (PVC) in pipes, etc. The common PET bottles are made of a 
synthetic polymer, polyethylene terephthalate. The plastic kits and covers are mostly 
made of synthetic polymers like polythene and tires are manufactured from Buna 
rubbers.However, due to the environmental issues created by these synthetic polymers 
which are mostly non-biodegradable and often synthesized from petroleum, alternatives 
like bioplastics are also being considered. They are however expensive when compared 
to the synthetic polymers. 

OBJECTIVES 

After learning this unit students you will be able to: 

• Isolate the key design features of different polymers  

• Describe the classification of polymer 

• Explain about free radical chain polymerization. 

• Explore condensation polymerizations with di- and tri-substituted monomers.  

• Identify the repeat units of particular polymers and specify the isomeric structures 
which can exist for those repeat units 

• Discuss about the effect of temperature on thermosets and thermoplastics. 
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7.1 POLYMER  

The word polymer is derived from the 
classical Greek words poly meaning 
“many” and meres meaning “parts.” 
Simply stated, a polymer is a long-
chain molecule that is composed of a 
large number of repeating units of 
identical structure called monomers 
and polymer is the long 3D repeating 
network of the monomer. 
Polymerization is the process of 
converting a monomer or a mixture of 
monomer into a polymer. Certain 
polymers, such as proteins, cellulose, 
and silk, are found in nature, while 
many others, including polystyrene, polyethylene, and nylon, are produced only by 
synthetic routes. In some cases, naturally occurring polymers can also be produced 
synthetically. An important example is natural DNA double helix, polysaccharides, 
rubber etc. 

Rubber is also known as polyisoprene in its synthetic form. 
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DNA Double helix:- 

 

Polysaccharides are also one of the naturally occuring polymers. 

 

 

Some synthetically produced polymer along with their monomers is as follows: 
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7.1.1 Types of Polymer 

There are several types of polymers. 

i. On the basis of monomer 

 Homo-polymer 

 Co-polymer 

 Alternating copolymers 
 Random copolymers 
 Graft copolymers 
 Block copolymers 
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Homo-polymers consist of repeated long chains or structures of the same monomer unit, 
whereas, polymers that consist of more than one monomer unit are referred to 
as copolymers.  
 —A-B-A-B-A-B— alternating copolymer 
  —A-A-A-A-B-A-B— random copolymer 
 —A-A-A-A-A-A-A-B-B-B-B-B-B-B— AB-Block copolymer 
 AB-Graft Copolymers 
 

 

 

 

ii. On the basis of structure 

 Linear 

 Branched 

 Crosslinked 

 

 

Linear Branched Crosslinked 
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iii. On the basis of stereochemistry 

 Isotactic:- (side groups on the same side of the backbone) 

 

 Syndiotactic:- (side groups on alternating sides of the backbone) 

 

 Atactic:- (side groups on random sides of the backbone) 

 

 

iv. On the basis of thermal activity 

 Thermoplastics 
 Thermosets 
7.2 Polymerization  
The chemical reaction in which high molecular mass molecules are formed from 
monomers is known as polymerization. 

7.2.1 Types of polymerization 

There are two basic types of polymerization 

1. Addition polymerization (Chain-growth polymerization) 

• Cationic Polymerization 
• Anionic Polymerization 
• Free radical Polymerization 
• Coordination polymerization 

2. Condensation polymerization (step-growth polymerization) 
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7.3 Addition Polymerization:  

One of the most common types of polymer reactions is chain-reaction (addition) 
polymerization. This type of polymerization is a three-step process.  

i. Initiation 
ii. Propagation 

iii. Termination 
 
Termination can occur by several different mechanisms.  
• Combination: two chain ends simply couple together to form one long chain 

• Radical disproportionation: A hydrogen atom from one chain end is abstracted to 
another, producing a polymer with a terminal unsaturated group (double bond) and 
a polymer with a terminal saturated group. 

• Combination of an active chain end with an initiator radical. 

7.3.1 Cationic Polymerization 

It is the ionic polymerization in which kinetic chain carriers are cations. In cationic 
polymerization initiators are mineral acids 
𝐻𝐻2𝐻𝐻𝐻𝐻4𝐻𝐻3𝐻𝐻𝐻𝐻4𝐻𝐻𝐻𝐻 𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻 𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻3, 𝐻𝐻𝐻𝐻3, 𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻4, 𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻4. These Lewis 
acids are used with trace amount of water. Lewis acid is co-initiator and water is actual 
initiator because water is a source of proton. This polymerization is also known as acid 
polymerization.The types of monomers necessary for cationic polymerization are limited 
to alkenes with electron-donating substituents.In cationic polymerization we look at 
electron donating groups because these group stabilizes the cation. 

i. Initiation 

The acidic catalyst protonates the monomer, starting the chain. 

 

ii. Propagation 

 Another molecule of monomer adds to the cationic end of the chain. 
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iii. Termination 

~[−𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻⁺ (𝐻𝐻𝐻𝐻𝐻𝐻)𝐻𝐻] + ~[𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻+(𝐻𝐻𝐻𝐻𝐻𝐻)𝐻𝐻]→  
−[−𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻(𝐻𝐻𝐻𝐻𝐻𝐻)𝐻𝐻 −  𝐻𝐻(𝐻𝐻𝐻𝐻𝐻𝐻)𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻−] − 

7.3.2 Anionic Polymerization 

Anionic addition polymerization is a form of chain-growth polymerization or addition 
polymerization that involves the polymerization of monomers initiated with anions. As 
we know that every group which minimizes the charge actually stabilizes the charge and 
electron withdrawing group minimize the negative charge by withdrawing electrons from 
the anion.Effective anionic polymerization requires a monomer that gives a stabilized 
carbanion when it reacts with the anionic end of the growing chain. A good monomer for 
anionic polymerization should contain at least one strong electron-withdrawing group 
such as a carbonyl group, a cyano group, or a nitro group. 

Initiators used in anionic polymerization are𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻2 ,𝐻𝐻𝐻𝐻𝐻𝐻(𝐻𝐻2𝐻𝐻5)2, alkoxides𝐻𝐻𝐻𝐻−, 
hydroxide𝐻𝐻𝐻𝐻− , cyanides𝐻𝐻𝐻𝐻−, phosphenes : 𝐻𝐻𝐻𝐻3 and amines : 𝐻𝐻𝐻𝐻3 . Organometallic 
compounds are also used as initiators such as 𝐻𝐻4𝐻𝐻9𝐻𝐻𝐻𝐻 , 𝐻𝐻4𝐻𝐻9𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻 and 
organolithium 𝐻𝐻4𝐻𝐻9𝐻𝐻𝐻𝐻 are the most commonly used initiators. 

i. Initiation 

 Initiator adds to the monomer to form an anion. 

 

 

ii. Propagation 

Another molecule of monomer adds to the chain. 
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iii. Termination 

~[−𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻 𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻
𝐻𝐻⁺
�� −[−𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻𝐻 

7.3.3 Free Radical Polymerization 

A chain polymerization in which the kinetic chain carriers are radicals. Usually the 
growing chain end bears an unpaired electron. Different types of initiators are used in 
free radical polymerization such as redox initiators (controlled reaction), thermal 
initiators (Moderate) and photo initiators (Difficult to control). 

 

 Thermal Initiators: -The initiator is heated until a bond is homolytically cleaved, 
producing two radicals. This method is used most often with organic peroxides or azo 
compounds. 

 

 

 Redox Initiators: - Such initiators are used when low temperature is required. In 
redox initiator the reaction rate is easily controlled.Reduction of hydrogen peroxide or an 
alkyl hydrogen peroxide by iron is shown below. Other reductants such as Cr2+, V2+, Ti3+, 
Co2+, and Cu+ can be employed in place of ferrous ion in many instances. 

 

 Photo Initiators:- 

 

i. Initiation 

Initiation is the first step of the polymerization process. During initiation, the initiator 
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forms a radical that reacts with the monomer to start the chain from which a polymer 
chain is generated. Not all monomers are susceptible to all types of initiators.  

 

ii. Propagation 

During polymerization, a polymer spends most of its time in increasing its chain length, 
or propagating. After the radical initiator is formed, it attacks a monomer. 

 

iii. Termination  

 

SELF CHECK 

Propose a mechanism for reaction of the first three propylene units in the polymerization 
of propylene in the presence of benzoyl peroxide. 
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Solution:- 

 

7.3.4 Coordination polymerization 

Coordination polymerization is also known as Ziegler Natta polymerization and is 
another variant of chain-growth polymerization. Coordination polymerization is a form 
of polymerization that is catalyzed by transition metal salts and complexes. The kinetic 
chain starts with addition of monomer to a metal complex, propagation is by successive 
insertion of monomer at the metal, and termination occurs when the metal complex 
separates from the polymer. The polymer produced tend to be linear and not branched 
and have much higher molar mass. 

Polyisoprene is diene polymer, which is a polymer made from a monomer 
containing two carbon-carbon double bonds. Like most diene polymers, it has a carbon-
carbon double bond in its backbone chain. Polyisoprene can be harvested from the sap of 
the hevea tree, but it can also be made by Ziegler-Natta polymerization. This is a rare 
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example of a natural polymer that we can make almost as well as nature does. 

 

Catalyst used in coordination polymerization are metals and it can be mono metallic and 
bimetallic (two metals). In monometallic coordination polymerization titanium complex 
is used whereas in bimetallic coordination polymerization titanium and Aluminum 
complex is used. 

• Monometallic 

In contrast to bimetallic mechanisms, monometallic polymerization mechanisms involve 
only one metal atom in the propagation step. It was assumed that the transition metal 
atom acts as the polymerization center, while the metal alkyl alkylates the center. 

In a monometallic structure, the transition metal is surrounded by four ligands, one alkyl 
group and a vacant site. This octahedral transition metal forms the active center of the 
structure. 
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Mechanism: - 
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• Bimetallic 

 

The Al (aluminium) atom donates electron while the Ti (titanium) atom acts as an 
electron acceptor. 

 

Mechanism: - 

The transition metal compound reacts with aluminium alkyls to form a soluble complex. 
The Ti-polymer partial bond of the complex is broken during the insertion of ethylene 
monomer. The monomer was initially coordinated onto the Ti atom. The Ti atom was 
activated and the monomer was then transferred to Al atom. 
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7.4 CONDENSATION POLYMERIZATION 

Step-reaction (condensation) polymerization is another common type of polymerization. 
This polymerization method typically produces polymers of lower molecular weight than 
chain reactions and requires higher temperatures to occur. Unlike addition 
polymerization, step-wise reactions involve two different types of di-functional 
monomers or end groups that react with one another, forming a chain. In a step-growth 
polymerization, any two monomers having the correct functionality can react with each 
other, or two polymer chains can combine. Most step-growth polymers are condensation 
polymers, bonded by some kind of condensation (bond formation with loss of a small 
molecule 𝐻𝐻2𝐻𝐻 or HCl) between the monomers or the polymer segments. 
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Steps of Chain-growth Polymerization:- 

Chain-growth polymerizations take place in discrete steps. Each step is a reaction 
between two functional groups; for instance, in a polyesterification reaction it is a 
reaction between -COOH and -OH. The increase in molecular weight is slow. The first 
step is a condensation between two monomers to form a dimer. 

 

 

A dimer can react next with another monomer to form a trimer: 
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Two dimers can combine to form a tetramer: 

 

The most common condensations involve the formation of amides and esters. Dacron 
polyester is an example of a step-growth condensation polymer. 

 

Nylon is the common name for polyamides. Polyamides are generally made from 
reactions of diacids with diamines. The most common polyamide is called nylon 6, 6 
because it is made by reaction of a six-carbon diacid (adipic acid) with a six-carbon 
diamine. The six-carbon diamine, systematically named hexane-1, 6-diamine, is 
commonly called hexamethylene diamine. When adipic acid is mixed with 
hexamethylene diamine, a proton-transfer reaction gives a white solid called nylon salt. 
When nylon salt is heated to 250 °C, water is driven off as a gas, and molten nylon 
results. Molten nylon is cast into a solid shape or extruded through a spinneret to produce 
a fiber 
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7.5 THERMOPLASTICS AND THERMOSETS: 

Polymers can be separated into two different groups depending on their behavior when 
heated. Polymers with linear molecules are likely to be thermoplastic. These are 
substances that soften upon heating and can be remolded and recycled. They can be semi-
crystalline or amorphous. The other group of polymers is known as thermosets. These are 
substances that do not soften under heat and pressure and cannot be remolded or 
recycled. They must be re-machined, used as fillers, or incinerated to remove them from 
the environment. 

7.5.1 Thermoplastics 

Thermoplastics are generally carbon containing polymers synthesized by addition or 
condensation polymerization. This process forms strong covalent bonds within the chains 
and weaker secondary Van der Waals bonds between the chains. Usually, these 
secondary forces can be easily overcome by thermal energy, making thermoplastics 
moldable at high temperatures. Waste thermoplastics can be recovered and refabricated 
by application of heat and pressure. Thermoplastics will also retain their newly reformed 
shape after cooling. A few common applications of thermoplastics include: parts for 
common household appliances, bottles, cable insulators, tape, blender and mixer bowls, 
medical syringes, mugs, textiles, packaging, and insulation. Polystyrene is an important 
example of a commercial thermoplastic. Other major examples are the polyolefin (e.g., 
polyethylene and polypropylene) and poly (vinyl chloride). 

7.5.2 Thermosets 

Thermosets have the same Van der Waals bonds that thermoplastics do. They also have a 
stronger linkage to other chains. Strong covalent bonds chemically hold different chains 
together in a thermoset material. The chains may be directly bonded to each other or be 
bonded through other molecules. This "cross-linking" between the chains allows the 
material to resist softening upon heating. Thus, thermosets must be machined into a new 
shape if they are to be reused or they can serve as powdered fillers. These crosslinked 
networks resist heat softening, mechanical deformation, and solvent attack, but cannot be 
thermally processed. Such properties make thermosets suitable materials for composites, 
coatings, and adhesive applications. Principal examples of thermosets include epoxy, 
phenol–formaldehyde resins, and unsaturated polyesters that are used in the manufacture 
of glass-reinforced composites such as Fiberglas. Although thermosets are difficult to 
reform, they have many distinct advantages in engineering design applications including: 

 High thermal stability and insulating properties. 

 High rigidity and dimensional stability. 

 Resistance to creep and deformation under load. 

 Lightweight. 
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7.6 DIENE POLYMERS 

A diene is a molecule which contains two carbon-carbon double bonds. When we talk of 
diene polymers, we are talking about the polymers made from small molecules, or 
monomers that have two carbon-carbon double bonds in what we call the 1 and 3 
positions. 

 

The polymer shown below is butadiene, which is used to make polybutadiene, a synthetic 
rubber. Diene polymers are similar to vinyl polymers but vinyl polymers are made from 
monomers with only one carbon carbon double bond which turns into two single bonds 
linked to the next monomer. Because diene have two double bonds, they can link together 
in more than one way. 
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Because these diene polymers have double bond in the backbone chains after the polymer 
is formed, they can be crosslinked by a process called vulcanization. This is done by 
heating the polymer with sulfur. The sulfur reacts with two carbon carbon double bonds 
in the adjacent chains. 

 

Without crosslinking, diene polymers can get gooey and runny when they get hot, and 
they can become brittle and break when they get too cold. When crosslinked they are 
solid, stretchable elastomers over a large temperature range. 
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Polyisoprenes grows on trees.it is found in the sap of a tree called hevea brasiliensis. But 
other diene polymers like polybutadiene and poly chloroprene are usually made of 
Ziegler Natta polymerization. 
 
SELF-ASSESSMENT QUESTIONS: 
Q.1 What is the monomer from which polyisobutylene is made? Draw a structure for 

polyisobutylene. 

 
Q.2 For each polymer shown below,  
(i) Draw the monomer or monomers that were needed to make the polymer.  
(ii) Explain whether the polymer is an addition polymer or condensation polymer. 
(iii) Suggest what reagents and conditions one might use to synthesize the polymer. 

 
a. Addition polymer. It can be made 

through anionic, cationic, free radical. 

 

 

 

b.  Condensation polymer. Heating 
the monomer will make the 
polymer no catalyst is required. 
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c. Polymer made by the addition across 
a diene. Under cationic conditions because 
methoxy group stabilizes the cations by 
resonance. 

 

d. Condensation polymer. No 
catalyst is required. 

 

 
Q.3 Methyl (Super Glue) is easily polymerized, even by weak bases. Draw a 

mechanism for its base-catalyzed polymerization. 

 

Answers: 
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Q.4 Chain branching occurs in cationic polymerization much as it does in free-radical 
polymerization. Propose a mechanism to show how branching occurs in the cationic 
polymerization of styrene. Suggest why isobutylene might be a better monomer for 
cationic polymerization than styrene. 

 

 

 

Polystyrene is particularly susceptible to branching because tertiary benzylic cation 
produced by a hydride transfer is so stable. In poly (isobutylene) there is no hydrogen on 
the carbon with stabilizing substituents; any hydride transfer would generate a secondary 
carbocation at the expense of tertiary carbo cation at the end of the growing chain. This is 
an increase in energy therefore unfavorable. 

Q.5 Chain branching is not as common with anionic polymerization as it is with free-
radical polymerization and cationic polymerization. (a) Propose a mechanism for chain 
branching in the polymerization of acrylonitrile. (b) Compare the relative stabilities of the 
intermediates in this mechanism with those you drew for chain branching in the cationic 
polymerization of styrene in above question. Explain why chain branching is less 
common in this anionic polymerization 
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The chain branching hydride transfer (from a cationic mechanism) or proton transfer 
(from an anionic mechanism) ends a less highly substituted end of a chain and generates 
an intermediate on a more highly substituted middle of a chain (a tertiary carbon in these 
mechanisms). This stabilizes a carbocation, but greater substitution destabilizes a 
carbanion. Branching can and happens in anionic system, but it is less likely than in 
cationic mechanisms. 
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INTRODUCTION  

The material of choice of a given era is often a defining point. Phrases such as Stone 
Age, Bronze Age, Iron Age, and Steel Age are historic, if arbitrary examples. Originally 
deriving from the manufacture of ceramics and its reputed derivative metallurgy, 
materials science is one of the oldest forms of engineering and applied science. Modern 
materials science evolved directly from metallurgy, which itself evolved from mining and 
(likely) ceramics and earlier from the use of fire. A major breakthrough in the 
understanding of materials occurred in the late 19th century, when the American 
scientist Josiah Willard Gibbs demonstrated that the thermodynamic properties related 
to atomic structure in various phases are related to the physical properties of a material. 
Important elements of modern materials science were products of the Space Race. The 
understanding and engineering of the metallic alloys, and silica and carbon materials, 
used in building space vehicles enabling the exploration of space. Materials science has 
driven, and been driven by, the development of revolutionary technologies such 
as rubbers, plastics, semiconductors, and biomaterials. The prominent change in materials 
science during the recent decades is active usage of computer simulations to find new 
materials, predict properties, and understand phenomena. 

Concrete , Aluminum, and Steel are all commonly used modern materials, that have 
changed our life styles but more recent additions include materials that have changed the 
way we manufacture and use products. Things have changed a lot and this change is 
keeping on with a rapid speed. Each day we hear about a new product which brings a lot 
of changes in our lives.Glasses, plastics, paper, many fibres and fabrics, concrete, most 
metal alloys, most dyes and colours, and ceramics are all common materials that are 
made by people because they have properties that make our lives easier, safer, longer and 
more enjoyable. 

 For example; liquid crystal, thin glass, fiber glass, ceramics, semi-conductor, etc. In this 
unit we will try to introduce such material to our students. 

OBJECTIVES 

After learning this unit, you will be able to: 

1. Discuss the physical and chemical properties of liquid crystals 

2. Explain the properties of fiber glass 

3. Describe the nature and characteristics of thin glass 

4. Differentiate between fiber glass and thin glass 

5. Explain the preparation and uses of ceramics 

6. Describe the benefits of semi-conductors 
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8.1 LIQUID CRYSTALS 

Liquid crystals (LCs) are a state of matter which has properties between those of 
conventional liquids and those of solid crystals. For instance, a liquid crystal may flow 
like a liquid, but its molecules may be oriented in a crystal-like way. There are many 
different types of liquid-crystal phases, which can be distinguished by their 
different optical properties (such as textures). The contrasting areas in the textures 
correspond to domains where the liquid-crystal molecules are oriented in different 
directions. Within a domain, however, the molecules are well ordered. LC materials may 
not always be in a liquid-crystal state of matter (just as water may turn into ice or water 
vapor). 

Liquid crystals can be divided into thermotropic, lyotropic and metallotropic phases. 
Thermotropic and lyotropic liquid crystals consist mostly of organic molecules, although 
a few minerals are also known. Thermotropic LCs exhibit a phase transition into the 
liquid-crystal phase as temperature is changed. Lyotropic LCs exhibit phase transitions as 
a function of both temperature and concentration of the liquid-crystal molecules in 
a solvent (typically water). Metallotropic LCs are composed of both organic and 
inorganic molecules; their liquid-crystal transition depends not only on temperature and 
concentration, but also on the inorganic-organic composition ratio. 

Examples of liquid crystals can be found both in the natural world and in technological 
applications. Widespread Liquid-crystal displays use liquid crystals. Lyotropic liquid-
crystalline phases are abundant in living systems but can also be found in the mineral 
world. For example, many proteins and cell membranes are liquid crystals. Other well-
known examples of liquid crystals are solutions of soap and various related detergents, as 
well as the tobacco mosaic virus, and some clays. 

8.1.1 Applications of LiquidCrystals 

Liquid crystals find wide use in liquid crystal displays, which rely on 
the optical properties of certain liquid crystalline substances in the presence or absence of 
an electric field. In a typical device, a liquid crystal layer (typically 4 μm thick) sits 
between two polarizers that are crossed (oriented at 90° to one another). The liquid 
crystal alignment is chosen so that its relaxed phase is a twisted one (see Twisted nematic 
field effect).[7] This twisted phase reorients light that has passed through the first 
polarizer, allowing its transmission through the second polarizer (and reflected back to 
the observer if a reflector is provided). The device thus appears transparent. When an 
electric field is applied to the LC layer, the long molecular axes tend to align parallel to 
the electric field thus gradually untwisting in the center of the liquid crystal layer. In this 
state, the LC molecules do not reorient light, so the light polarized at the first polarizer is 
absorbed at the second polarizer, and the device loses transparency with increasing 
voltage. In this way, the electric field can be used to make a pixel switch between 
transparent or opaque on command. Color LCD systems use the same technique, with 
color filters used to generate red, green, and blue pixels.[7] Chiral smectic liquid crystals 

191 
 

https://en.wikipedia.org/wiki/State_of_matter
https://en.wikipedia.org/wiki/Liquid
https://en.wikipedia.org/wiki/Crystal
https://en.wikipedia.org/wiki/Molecules
https://en.wikipedia.org/wiki/Phase_(matter)
https://en.wikipedia.org/wiki/Optics
https://en.wikipedia.org/wiki/Texture_(crystalline)
https://en.wikipedia.org/wiki/Thermotropic
https://en.wikipedia.org/wiki/Lyotropic
https://en.wikipedia.org/wiki/Organic_molecules
https://en.wikipedia.org/wiki/Phase_transition
https://en.wikipedia.org/wiki/Concentration
https://en.wikipedia.org/wiki/Solvent
https://en.wikipedia.org/wiki/Liquid-crystal_display
https://en.wikipedia.org/wiki/Soap
https://en.wikipedia.org/wiki/Detergent
https://en.wikipedia.org/wiki/Tobacco_mosaic_virus
https://en.wikipedia.org/wiki/Clays
https://en.wikipedia.org/wiki/Optics
https://en.wikipedia.org/wiki/Electric_field
https://en.wikipedia.org/wiki/Polarizer
https://en.wikipedia.org/wiki/Twisted_nematic_field_effect
https://en.wikipedia.org/wiki/Twisted_nematic_field_effect
https://en.wikipedia.org/wiki/Twisted_nematic_field_effect
https://en.wikipedia.org/wiki/Liquid_crystal%23cite_note-castellano-7
https://en.wikipedia.org/wiki/Liquid_crystal%23cite_note-castellano-7


 

are used in ferroelectric LCDs which are fast-switching binary light modulators. Similar 
principles can be used to make other liquid crystal based optical devices. Liquid crystal 
tunable filters are used as electrooptical devices, e.g., in hyperspectral imaging. 

Thermotropic chiral LCs whose pitch varies strongly with temperature can be used as 
crude liquid crystal thermometers, since the color of the material will change as the pitch 
is changed. Liquid crystal color transitions are used on many aquarium and pool 
thermometers as well as on thermometers for infants or baths.[74] Other liquid crystal 
materials change color when stretched or stressed. Thus, liquid crystal sheets are often 
used in industry to look for hot spots, map heat flow, measure stress distribution patterns, 
and so on. Liquid crystal in fluid form is used to detect electrically generated hot spots 
for failure analysis in the semiconductor industry.  

Liquid crystal lenses converge or diverge the incident light by adjusting the refractive 
index of liquid crystal layer with applied voltage or temperature. Generally, the liquid 
crystal lenses generate a parabolic refractive index distribution by arranging molecular 
orientations. Therefore, a plane wave is reshaped into a parabolic wavefront by a liquid 
crystal lens. The focal length of liquid crystal lenses could be continuously tunable when 
the external electric field can be properly tuned. Liquid crystal lenses are a kind 
of adaptive optics. Imaging system can be benefited with focusing correction, image 
plane adjustment, or changing the range of depth-of-field or depth of focus. Liquid 
crystal lens is one of the candidates to develop vision correction device 
for myopia and presbyopia eyes (e.g., tunable eyeglass and smart contact lenses).  

8.2 INORGANIC POLYMERS 

Inorganic polymers are polymers with a skeletal structure that does not 
include carbon atoms in the backbone.[1] Polymers containing inorganic and organic 
components are sometimes called hybrid polymers, and most so-called inorganic 
polymers are hybrid polymers. One of the best known examples is polydimethylsiloxane, 
otherwise known commonly as silicone rubber. Inorganic polymers offer some properties 
not found in organic materials including low-temperature flexibility, electrical 
conductivity, and nonflammability. The term inorganic polymer refers generally to one-
dimensional polymers, rather than to heavily crosslinked materials such as silicate 
minerals. Inorganic polymers with tunable or responsive properties are sometimes 
called smart inorganic polymers. A special class of inorganic polymers are geopolymers, 
which may be anthropogenic or naturally occurring. 

Traditionally, the area of inorganic polymers focuses on materials in which the backbone 
is composed exclusively of main-group elements. 

8.2.1 Homochain polymers 

Homochain polymers have only one kind of atom in the main chain. One member is 
polymeric sulfur, which forms reversibly upon melting any of the cyclic allotropes, such 
as S8. Organic polysulfides and polysulfanes feature short chains of sulfur atoms, capped 
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respectively with alkyl and H. Elemental tellurium and the gray allotrope of elemental 
selenium also are polymers, although they are not processable. 

 

 

The gray allotrope of selenium consists of helical chains of Se atoms. 

Polymeric forms of the group IV elements are well known. The premier materials 
are polysilanes, which are analogous to polyethylene and related organic polymers. They 
are more fragile than the organic analogues and, because of the longer Si–Si bonds, carry larger 
substituents. Poly(dimethylsilane) is prepared by reduction of dimethyldichlorosilane.  Pyrolysis of 
poly(dimethylsilane) gives SiC fibers. 

Heavier analogues of polysilanes are also known to some extent. These include polygermanes, 
(R2Ge)n, and polystannanes, (R2Sn)n. 

8.2.2 Heterochain polymers 

Si-based 

Heterochain polymers have more than one type of atom in the main chain. Typically, two 
types of atoms alternate along the main chain. Of great commercial interest are the 
polysiloxanes, where the main chain features Si and O centers: −Si−O−Si−O−. Each Si 
center has two substituents, usually methyl or phenyl. Examples 
include polydimethylsiloxane (PDMS, (Me2SiO)n), polymethylhydrosiloxane (PMHS 
(MeSi(H)O)n) and polydiphenylsiloxane (Ph2SiO)n).[5] Related to the siloxanes are 
the polysilazanes. These materials have the backbone formula −Si−N−Si−N−. One 
example is perhydridopolysilazane PHPS. Such materials are of academic interest. 

P-based 

A related family of well studied inorganic polymers are the polyphosphazenes. They 
feature the backbone −P−N−P−N−. With two substituents on phosphorus, they are 
structurally similar related to the polysiloxanes. Such materials are generated by ring-
opening polymerization of hexachlorophosphazene followed by substitution of the P−Cl 
groups by alkoxide. Such materials find specialized applications as elastomers.  
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General structure of polyphosphazenes. Gray spheres represent any organic or inorganic 
group. 

B-based 

Boron–nitrogen polymers feature −B−N−B−N− backbones. Examples 
are polyborazylenes,[7] polyaminoboranes. 

S-based 

The polythiazyls have the backbone −S−N−S−N−. Unlike most inorganic polymers, these 
materials lack substituents on the main chain atoms. Such materials exhibit high electrical 
conductivity, a finding that attracted much attention during the era 
when polyacetylene was discovered. It is superconducting below 0.26 K. 

Ionomers 

Usually not classified with charge-neutral inorganic polymers are ionomers. Phosphorus–
oxygen and boron-oxide polymers include the polyphosphates and polyborates. 

Inorganic polymers also include materials with transition metals in the backbone. Rarely 
are such materials processible. Examples are Krogmann's salt and Magnus's green salt. 

Inorganic polymers are precursors to inorganic solids. This type of reaction may be 
illustrated by the stepwise conversion of ammonia borane to discrete rings and oligomers, 
which upon pyrolysis give boron nitrides.[7] 

8.3 CERAMICS 

A ceramic (Ancient Greek:  keramikós, "potter's", from  kéramos, "potter's clay") is 
a solid material comprising an inorganic compound of metal or metalloid and non-
metal with ionic or covalent bonds. Common examples are earthenware, porcelain, 
and brick. 

The crystallinity of ceramic materials ranges from highly oriented to semi-
crystalline, vitrified, and often completely amorphous (e.g., glasses). Most often, fired 
ceramics are either vitrified or semi-vitrified as is the case with earthenware, stoneware, 
and porcelain. Varying crystallinity and electron composition in the ionic and covalent 
bonds cause most ceramic materials to be good thermal and electrical 
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insulators (extensively researched in ceramic engineering). With such a large range of 
possible options for the composition/structure of a ceramic (e.g. nearly all of the 
elements, nearly all types of bonding, and all levels of crystallinity), the breadth of the 
subject is vast, and identifiable attributes (e.g. hardness, toughness, electrical 
conductivity, etc.) are difficult to specify for the group as a whole. General properties 
such as high melting temperature, high hardness, poor conductivity, high moduli of 
elasticity, chemical resistance and low ductility are the norm,[1] with known exceptions to 
each of these rules (e.g. piezoelectric ceramics, glass transition temperature, superconductive 
ceramics, etc.). Many composites, such as fiberglass and carbon fiber, while containing ceramic 
materials, are not considered to be part of the ceramic family.  

The earliest ceramics made by humans were pottery objects (i.e. pots or vessels) 
or figurines made from clay, either by itself or mixed with other materials like silica, 
hardened and sintered in fire. Later ceramics were glazed and fired to create smooth, 
colored surfaces, decreasing porosity through the use of glassy, amorphous ceramic 
coatings on top of the crystalline ceramic substrates. Ceramics now include domestic, 
industrial and building products, as well as a wide range of ceramic art. In the 20th 
century, new ceramic materials were developed for use in advanced ceramic engineering, 
such as in semiconductors. The word "ceramic" may be used as an adjective to describe a 
material, product or process, or it may be used as a noun, either singular, or, more 
commonly, as the plural noun "ceramics" 

A ceramic material is an inorganic, non-metallic, often crystalline oxide, nitride or 
carbide material. Some elements, such as carbon or silicon, may be considered ceramics. 
Ceramic materials are brittle, hard, strong in compression, and weak in shearing and 
tension. They withstand chemical erosion that occurs in other materials subjected to 
acidic or caustic environments. Ceramics generally can withstand very high temperatures, 
ranging from 1,000 °C to 1,600 °C (1,800 °F to 3,000 °F). Glass is often not considered a 
ceramic because of its amorphous (noncrystalline) character. However, glassmaking 
involves several steps of the ceramic process, and its mechanical properties are similar to 
ceramic materials. 

Traditional ceramic raw materials include clay minerals such as kaolinite, whereas more 
recent materials include aluminium oxide, more commonly known as alumina. The 
modern ceramic materials, which are classified as advanced ceramics, include silicon 
carbide and tungsten carbide. Both are valued for their abrasion resistance and hence find 
use in applications such as the wear plates of crushing equipment in mining operations. 
Advanced ceramics are also used in the medicine, electrical, electronics industries and 
body armor. 

8.3.1 Crystalline Ceramics 

Crystalline ceramic materials are not amenable to a great range of processing. Methods 
for dealing with them tend to fall into one of two categories – either make the ceramic in 
the desired shape, by reaction in situ, or by "forming" powders into the desired shape, and 
then sintering to form a solid body. Ceramic forming techniques include shaping by hand 
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(sometimes including a rotation process called "throwing"), slip casting, tape 
casting (used for making very thin ceramic capacitors), injection molding, dry pressing, 
and other variations. 

8.3.2 Non-crystalline Ceramics 

Non-crystalline ceramics, being glass, tend to be formed from melts. The glass is shaped 
when either fully molten, by casting, or when in a state of toffee-like viscosity, by 
methods such as blowing into a mold. If later heat treatments cause this glass to become 
partly crystalline, the resulting material is known as a glass-ceramic, widely used as 
cook-tops and as a glass composite material for nuclear waste disposal. 

8.3.3 Archaeology 

Ceramic artifacts have an important role in archaeology for understanding the culture, 
technology and behavior of peoples of the past. They are among the most common 
artifacts to be found at an archaeological site, generally in the form of small fragments of 
broken pottery called sherds. Processing of collected sherds can be consistent with two 
main types of analysis: technical and traditional. 

Traditional analysis involves sorting ceramic artifacts, sherds and larger fragments into 
specific types based on style, composition, manufacturing and morphology. By creating 
these typologies it is possible to distinguish between different cultural styles, the purpose 
of the ceramic and technological state of the people among other conclusions. In addition, 
by looking at stylistic changes of ceramics over time is it possible to separate (seriate) the 
ceramics into distinct diagnostic groups (assemblages). A comparison of ceramic artifacts 
with known dated assemblages allows for a chronological assignment of these pieces.  

The technical approach to ceramic analysis involves a finer examination of the 
composition of ceramic artifacts and sherds to determine the source of the material and 
through this the possible manufacturing site. Key criteria are the composition of the clay 
and the temper used in the manufacture of the article under study: temper is a material 
added to the clay during the initial production stage, and it is used to aid the subsequent 
drying process. Types of temper include shell pieces, granite fragments and ground sherd 
pieces called 'grog'. Temper is usually identified by microscopic examination of the 
temper material. Clay identification is determined by a process of refiring the ceramic 
and assigning a color to it using Munsell Soil Color notation. By estimating both the clay 
and temper compositions and locating a region where both are known to occur, an 
assignment of the material source can be made. From the source assignment of the 
artifact further investigations can be made into the site of manufacture. 

8.3.4 Properties 

The physical properties of any ceramic substance are a direct result of its crystalline 
structure and chemical composition. Solid-state chemistry reveals the fundamental 
connection between microstructure and properties such as localized density variations, 
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grain size distribution, type of porosity and second-phase content, which can all be 
correlated with ceramic properties such as mechanical strength σ by the Hall-Petch 
equation, hardness, toughness, dielectric constant, and the optical properties exhibited 
by transparent materials. 

Mechanical properties: Ceramic materials are usually ionic or covalent bonded 
materials, and can be crystalline or amorphous. A material held together by either type of 
bond will tend to fracture before any plastic deformation takes place, which results in 
poor toughness in these materials. Additionally, because these materials tend to be 
porous, the pores and other microscopic imperfections act as stress concentrators, 
decreasing the toughness further, and reducing the tensile strength. These combine to 
give catastrophic failures, as opposed to the more ductile failure modes of metals. 

Electrical Properties: Some ceramics are semiconductors. Most of these are transition 
metal oxides that are II-VI semiconductors, such as zinc oxide. 

While there are prospects of mass-producing blue LEDs from zinc oxide, ceramicists are 
most interested in the electrical properties that show grain boundary effects. 

One of the most widely used of these is the varistor. These are devices that exhibit the 
property that resistance drops sharply at a certain threshold voltage. Once the voltage 
across the device reaches the threshold, there is a breakdown of the electrical structure in 
the vicinity of the grain boundaries, which results in its electrical resistance dropping 
from several megohms down to a few hundred ohms. The major advantage of these is 
that they can dissipate a lot of energy, and they self-reset – after the voltage across the 
device drops below the threshold, its resistance returns to being high. Semiconducting 
ceramics are also employed as gas sensors. When various gases are passed over a 
polycrystalline ceramic, its electrical resistance changes. With tuning to the possible gas 
mixtures, very inexpensive devices can be produced. 

 Optical properties 

 

Cermax xenon arc lamp with synthetic sapphire output window 

Optically transparent materials focus on the response of a material to incoming light 

197 
 

https://en.wikipedia.org/wiki/Hardness
https://en.wikipedia.org/wiki/Toughness
https://en.wikipedia.org/wiki/Dielectric_constant
https://en.wikipedia.org/wiki/Optical
https://en.wikipedia.org/wiki/Transparent_materials
https://en.wikipedia.org/wiki/Ionic_bond
https://en.wikipedia.org/wiki/Covalent
https://en.wikipedia.org/wiki/Crystal
https://en.wikipedia.org/wiki/Amorphous_solid
https://en.wikipedia.org/wiki/Fracture%23Brittle_fracture
https://en.wikipedia.org/wiki/Plastic_deformation
https://en.wikipedia.org/wiki/Toughness
https://en.wikipedia.org/wiki/Porosity
https://en.wikipedia.org/wiki/Stress_concentration
https://en.wikipedia.org/wiki/Tensile_strength
https://en.wikipedia.org/wiki/Catastrophic_failure
https://en.wikipedia.org/wiki/Failure_mode
https://en.wikipedia.org/wiki/Semiconductor
https://en.wikipedia.org/wiki/Transition_metal_oxides
https://en.wikipedia.org/wiki/Transition_metal_oxides
https://en.wikipedia.org/wiki/Transition_metal_oxides
https://en.wikipedia.org/wiki/Zinc_oxide
https://en.wikipedia.org/wiki/LED
https://en.wikipedia.org/wiki/Grain_boundary
https://en.wikipedia.org/wiki/Threshold_voltage
https://en.wikipedia.org/wiki/Electrical_breakdown
https://en.wikipedia.org/wiki/Electrical_resistance
https://en.wikipedia.org/wiki/Ohm_(unit)
https://en.wikipedia.org/wiki/Gas_sensor
https://en.wikipedia.org/wiki/Optics
https://en.wikipedia.org/wiki/File:Cermax.jpg


 

waves of a range of wavelengths. Frequency selective optical filters can be utilized to 
alter or enhance the brightness and contrast of a digital image. Guided light wave 
transmission via frequency selective waveguides involves the emerging field of 
fiber optics and the ability of certain glassy compositions as a transmission medium for a 
range of frequencies simultaneously (multi-mode optical fiber) with little or 
no interference between competing wavelengths or frequencies. This resonant mode of 
energy and data transmission via electromagnetic (light) wave propagation, though low 
powered, is virtually lossless. Optical waveguides are used as components in Integrated 
optical circuits (e.g. light-emitting diodes, LEDs) or as the transmission medium in local 
and long haul optical communication systems. Also of value to the emerging materials 
scientist is the sensitivity of materials to radiation in the thermal infrared (IR) portion of 
the electromagnetic spectrum. This heat-seeking ability is responsible for such diverse 
optical phenomena as Night-vision and IR luminescence. 

Thus, there is an increasing need in the military sector for high-strength, robust materials 
which have the capability to transmit light (electromagnetic waves) in the visible (0.4 – 
0.7 micrometers) and mid-infrared (1 – 5 micrometers) regions of the spectrum. These 
materials are needed for applications requiring transparent armor, including next-
generation high-speed missiles and pods, as well as protection against improvised 
explosive devices (IED). 

In the 1960s, scientists at General Electric (GE) discovered that under the right 
manufacturing conditions, some ceramics, especially aluminium oxide (alumina), could 
be made translucent. These translucent materials were transparent enough to be used for 
containing the electrical plasma generated in high-pressure sodium street lamps. During 
the past two decades, additional types of transparent ceramics have been developed for 
applications such as nose cones for heat-seeking missiles, windows for fighter aircraft, 
and scintillation counters for computed tomography scanners. 

In the early 1970s, Thomas Soules pioneered computer modeling of light transmission 
through translucent ceramic alumina. His model showed that microscopic pores in 
ceramic, mainly trapped at the junctions of microcrystalline grains, caused light 
to scatter and prevented true transparency. The volume fraction of these microscopic 
pores had to be less than 1% for high-quality optical transmission. 

This is basically a particle size effect. Opacity results from the incoherent scattering of 
light at surfaces and interfaces. In addition to pores, most of the interfaces in a typical 
metal or ceramic object are in the form of grain boundaries which separate tiny regions of 
crystalline order. When the size of the scattering center (or grain boundary) is reduced 
below the size of the wavelength of the light being scattered, the scattering no longer 
occurs to any significant extent. 

In the formation of polycrystalline materials (metals and ceramics) the size of 
the crystalline grains is determined largely by the size of the crystalline particles present 
in the raw material during formation (or pressing) of the object. Moreover, the size of 
the grain boundaries scales directly with particle size. Thus a reduction of the original 
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particle size below the wavelength of visible light (~ 0.5 micrometers for shortwave 
violet) eliminates any light scattering, resulting in a transparent material. 

Recently, Japanese scientists have developed techniques to produce ceramic parts that 
rival the transparency of traditional crystals (grown from a single seed) and exceed 
the fracture toughness of a single crystal. 

8.3.5 Products 

By usage 

For convenience, ceramic products are usually divided into four main types; these are 
shown below with some examples: 

• Structural, including bricks, pipes, floor and roof tiles 

• Refractories, such as kiln linings, gas fire radiants, steel and glass making crucibles 

• Whitewares, including tableware, cookware, wall tiles, pottery products and 
sanitary ware 

• Technical, also known as engineering, advanced, special, and fine ceramics. Such 
items include: 

o gas burner nozzles 

o ballistic protection, vehicle armour 

o nuclear fuel uranium oxide pellets 

o biomedical implants 

o coatings of jet engine turbine blades 

o ceramic disk brake 

o missile nose cones 

o bearing (mechanical) 

o tiles used in the Space Shuttle program 

Ceramics made with clay 

Frequently, the raw materials of modern ceramics do not include clays. Those that do are 
classified as follows: 

• Earthenware, fired at lower temperatures than other types 
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• Stoneware, vitreous or semi-vitreous 

• Porcelain, which contains a high content of kaolin 

• Bone china 

Classification 

Ceramics can also be classified into three distinct material categories: 

• Oxides: alumina, beryllia, ceria, zirconia 

• Non-oxides: carbide, boride, nitride, silicide 

• Composite materials: particulate reinforced, fiber reinforced, combinations 
of oxides and non-oxides. 

Each one of these classes can be developed into unique material properties because 
ceramics tend to be crystalline. 

8.3.6 Applications 

• Knife blades: the blade of a ceramic knife will stay sharp for much longer than that 
of a steel knife, although it is more brittle and susceptible to breaking. 

• Carbon-ceramic brake disks for vehicles are resistant to brake fade at high 
temperatures. 

• Advanced composite ceramic and metal matrices have been designed for most 
modern armoured fighting vehicles because they offer superior penetrating 
resistance against shaped charges (such as HEAT rounds) and kinetic energy 
penetrators. 

• Ceramics such as alumina and boron carbide have been used in ballistic armored 
vests to repel high-velocity rifle fire. Such plates are known commonly as small 
arms protective inserts, or SAPIs. Similar material is used to protect the cockpits of 
some military airplanes, because of the low weight of the material. 

• Ceramics can be used in place of steel for ball bearings. Their higher hardness 
means they are much less susceptible to wear and typically last for triple the 
lifetime of a steel part. They also deform less under load, meaning they have less 
contact with the bearing retainer walls and can roll faster. In very high speed 
applications, heat from friction during rolling can cause problems for metal 
bearings, which are reduced by the use of ceramics. Ceramics are also more 
chemically resistant and can be used in wet environments where steel bearings 
would rust. In some cases, their electricity-insulating properties may also be 
valuable in bearings. Two drawbacks to ceramic bearings are a significantly higher 
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cost and susceptibility to damage under shock loads. 

• Work is being done in developing ceramic parts for gas turbine engines. Currently, 
even blades made of advanced metal alloys used in the engines' hot section require 
cooling and careful limiting of operating temperatures. Turbine engines made with 
ceramics could operate more efficiently, giving aircraft greater range and payload 
for a set amount of fuel. 

• Recent advances have been made in ceramics which include bioceramics, such as 
dental implants and synthetic bones. Hydroxyapatite, the natural mineral 
component of bone, has been made synthetically from a number of biological and 
chemical sources and can be formed into ceramic materials. Orthopedic implants 
coated with these materials bond readily to bone and other tissues in the body 
without rejection or inflammatory reactions so are of great interest for gene 
delivery and tissue engineering scaffolds. Most hydroxyapatite ceramics are very 
porous and lack mechanical strength, and are used to coat metal orthopedic devices 
to aid in forming a bond to bone or as bone fillers. They are also used as fillers for 
orthopedic plastic screws to aid in reducing the inflammation and increase 
absorption of these plastic materials. Work is being done to make strong, fully 
dense nanocrystalline hydroxyapatite ceramic materials for orthopedic weight 
bearing devices, replacing foreign metal and plastic orthopedic materials with a 
synthetic, but naturally occurring, bone mineral. Ultimately, these ceramic 
materials may be used as bone replacements or with the incorporation of 
protein collagens, synthetic bones. 

• Durable actinide-containing ceramic materials have many applications such as in 
nuclear fuels for burning excess Pu and in chemically-inert sources of alpha 
irradiation for power supply of unmanned space vehicles or to produce electricity 
for microelectronic devices. Both use and disposal of radioactive actinides require 
their immobilisation in a durable host material. Nuclear waste long-lived 
radionuclides such as actinides are immobilised using chemically-durable 
crystalline materials based on polycrystalline ceramics and large single crystals.  

• High-tech ceramic is used in watchmaking for producing watch cases. The material 
is valued by watchmakers for its light weight, scratch resistance, durability and 
smooth touch. IWC is one of the brands that initiated the use of ceramic in 
watchmaking. 

8.4 FIBERGLASS 

Fiberglass (American English), or fibreglass (Commonwealth English) is a common 
type of fiber-reinforced plastic using glass fiber. The fibers may be randomly arranged, 
flattened into a sheet (called a chopped strand mat), or woven into a fabric. 
The plastic matrix may be a thermoset polymer matrix—most often based 
on thermosetting polymers such as epoxy, polyester resin, or vinylester—or 
a thermoplastic. Cheaper and more flexible than carbon fiber, it is stronger than many 
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metals by weight, is non-magnetic, non-conductive, transparent to electromagnetic 
radiation, can be molded into complex shapes, and is chemically inert under many 
circumstances. Applications include aircraft, boats, automobiles, bath tubs and 
enclosures, swimming pools, hot tubs, septic tanks, water tanks, roofing, pipes, 
cladding, orthopedic casts, surfboards, and external door skins. Fiberglass covers are also 
widely used in the water treatment industry to help control odors.[1] 

Other common names for fiberglass are glass-reinforced plastic (GRP), glass-fiber 
reinforced plastic (GFRP) or GFK (from German: Glasfaserverstärkter Kunststoff). 
Because glass fiber itself is sometimes referred to as "fiberglass", the composite is also 
called "fiberglass reinforced plastic". This article will adopt the convention that 
"fiberglass" refers to the complete glass fiber reinforced composite material, rather than 
only to the glass fiber within it. 

Glass fibers have been produced for centuries, but the earliest patent was awarded to the 
Prussian inventor Hermann Hammesfahr (1845–1914) in the U.S. in 1880.  

Mass production of glass strands was accidentally discovered in 1932 when Games 
Slayter, a researcher at Owens-Illinois, directed a jet of compressed air at a stream of 
molten glass and produced fibers. A patent for this method of producing glass wool was 
first applied for in 1933. Owens joined with the Corning company in 1935 and the 
method was adapted by Owens Corning to produce its patented "Fiberglas" (spelled with 
one "s") in 1936. Originally, Fiberglas was a glass wool with fibers entrapping a great 
deal of gas, making it useful as an insulator, especially at high temperatures. 

A suitable resin for combining the fiberglass with a plastic to produce a composite 
material was developed in 1936 by du Pont. The first ancestor of modern polyester resins 
is Cyanamid's resin of 1942. Peroxide curing systems were used by then. With the 
combination of fiberglass and resin the gas content of the material was replaced by 
plastic. This reduced the insulation properties to values typical of the plastic, but now for 
the first time the composite showed great strength and promise as a structural and 
building material. Many glass fiber composites continued to be called "fiberglass" (as a 
generic name) and the name was also used for the low-density glass wool product 
containing gas instead of plastic. 

Ray Greene of Owens Corning is credited with producing the first composite boat in 
1937, but did not proceed further at the time due to the brittle nature of the plastic used. 
In 1939 Russia was reported to have constructed a passenger boat of plastic materials, 
and the United States a fuselage and wings of an aircraft. The first car to have a fiber-
glass body was a 1946 prototype of the Stout Scarab, but the model did not enter 
production. 
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8.4.1 Production 

The process of manufacturing fiberglass is called pultrusion. The manufacturing process 
for glass fibers suitable for reinforcement uses large furnaces to gradually melt 
the silica sand, limestone, kaolin clay, fluorspar, colemanite, dolomite and 
other minerals until a liquid forms. It is then extruded through bushings, which are 
bundles of very small orifices (typically 5–25 micrometres in diameter for E-Glass, 9 
micrometres for S-Glass).  

These filaments are then sized (coated) with a chemical solution. The individual filaments 
are now bundled in large numbers to provide a roving. The diameter of the filaments, and 
the number of filaments in the roving, determine its weight, typically expressed in one of 
two measurement systems: 

• yield, or yards per pound (the number of yards of fiber in one pound of material; 
thus a smaller number means a heavier roving). Examples of standard yields are 
225yield, 450yield, 675yield. 

• tex, or grams per km (how many grams 1 km of roving weighs, inverted from yield; 
thus, a smaller number means a lighter roving). Examples of standard tex are 
750tex, 1100tex, 2200tex. 

These rovings are then either used directly in a composite application such 
as pultrusion, filament winding (pipe), gun roving (where an automated gun chops the 
glass into short lengths and drops it into a jet of resin, projected onto the surface of a 
mold), or in an intermediary step, to manufacture fabrics such as chopped strand 
mat (CSM) (made of randomly oriented small cut lengths of fiber all bonded together), 
woven fabrics, knit fabrics or               unidirectional fabrics 

Chopped strand mat or CSM is a form of reinforcement used in fiberglass. It consists of 
glass fibers laid randomly across each other and held together by a binder. 

It is typically processed using the hand lay-up technique, where sheets of material are 
placed on a mold and brushed with resin. Because the binder dissolves in resin, the 
material easily conforms to different shapes when wetted out. After the resin cures, the 
hardened product can be taken from the mold and finished. Using chopped strand mat 
gives the fiberglass isotropic in-plane material properties. 

8.4.2 Sizing 

A coating or primer is applied to the roving to: 

• help protect the glass filaments for processing and manipulation. 
• ensure proper bonding to the resin matrix, thus allowing for transfer of shear loads 

from the glass fibers to the thermoset plastic. Without this bonding, the fibers can 
'slip' in the matrix, causing localized failure.  
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8.4.3 Properties 

An individual structural glass fiber is both stiff and strong in tension and compression—
that is, along its axis. Although it might be assumed that the fiber is weak in 
compression, it is actually only the long aspect ratio of the fiber which makes it seem so; 
i.e., because a typical fiber is long and narrow, it buckles easily.[10] On the other hand, the 
glass fiber is weak in shear—that is, across its axis. Therefore, if a collection of fibers 
can be arranged permanently in a preferred direction within a material, and if they can be 
prevented from buckling in compression, the material will be preferentially strong in that 
direction. 

Furthermore, by laying multiple layers of fiber on top of one another, with each layer 
oriented in various preferred directions, the material's overall stiffness and strength can 
be efficiently controlled. In fiberglass, it is the plastic matrix which permanently 
constrains the structural glass fibers to directions chosen by the designer. With chopped 
strand mat, this directionality is essentially an entire two-dimensional plane; with woven 
fabrics or unidirectional layers, directionality of stiffness and strength can be more 
precisely controlled within the plane. 

A fiberglass component is typically of a thin "shell" construction, sometimes filled on the 
inside with structural foam, as in the case of surfboards. The component may be of nearly 
arbitrary shape, limited only by the complexity and tolerances of the mold used for 
manufacturing the shell. 

The mechanical functionality of materials is heavily reliant on the combined 
performances of both the resin (AKA matrix) and fibers. For example, in severe 
temperature conditions (over 180 °C), the resin component of the composite may lose its 
functionality, partially due to bond deterioration of resin and fiber. However, GFRPs can 
still show significant residual strength after experiencing high temperatures (200 °C). 

8.4.4 Types of Glass Fiber Used 

Composition: the most common types of glass fiber used in fiberglass is E-glass, which 
is alumino-borosilicate glass with less than 1% w/w alkali oxides, mainly used for glass-
reinforced plastics. Other types of glass used are A-glass (Alkali-lime glass with little or 
no boron oxide), E-CR-glass (Electrical/Chemical Resistance; alumino-lime silicate with 
less than 1% w/w alkali oxides, with high acid resistance), C-glass (alkali-lime glass with 
high boron oxide content, used for glass staple fibers and insulation), D-glass 
(borosilicate glass, named for its low Dielectric constant), R-glass (alumino silicate glass 
without MgO and CaO with high mechanical requirements as Reinforcement), and S-
glass (alumino silicate glass without CaO but with high MgO content with high tensile 
strength).  

Naming and use: Pure silica (silicon dioxide), when cooled as fused quartz into 
a glass with no true melting point, can be used as a glass fiber for fiberglass, but has the 
drawback that it must be worked at very high temperatures. In order to lower the 
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necessary work temperature, other materials are introduced as "fluxing agents" (i.e., 
components to lower the melting point). Ordinary A-glass ("A" for "alkali-lime") or soda 
lime glass, crushed and ready to be remelted, as so-called cullet glass, was the first type 
of glass used for fiberglass. E-glass ("E" because of initial Electrical application), is alkali 
free, and was the first glass formulation used for continuous filament formation. It now 
makes up most of the fiberglass production in the world, and also is the single largest 
consumer of boron minerals globally. It is susceptible to chloride ion attack and is a poor 
choice for marine applications. S-glass ("S" for "stiff") is used when tensile strength 
(high modulus) is important, and is thus an important building and aircraft epoxy 
composite (it is called R-glass, "R" for "reinforcement" in Europe). C-glass ("C" for 
"chemical resistance") and T-glass ("T" is for "thermal insulator"—a North American 
variant of C-glass) are resistant to chemical attack; both are often found in insulation-
grades of blown fiberglass. Fiberglass is an immensely versatile material due to its light 
weight, inherent strength, weather-resistant finish and variety of surface textures. 

The development of fiber-reinforced plastic for commercial use was extensively 
researched in the 1930s. It was of particular interest to the aviation industry. A means of 
mass production of glass strands was accidentally discovered in 1932 when a researcher 
at Owens-Illinois directed a jet of compressed air at a stream of molten glass and 
produced fibers. After Owens merged with the Corning company in 1935, Owens 
Corning adapted the method to produce its patented "Fiberglas" (one "s"). A suitable 
resin for combining the "Fiberglas" with a plastic was developed in 1936 by du Pont. The 
first ancestor of modern polyester resins is Cyanamid's of 1942. Peroxide curing systems 
were used by then. 

During World War II, fiberglass was developed as a replacement for the molded plywood 
used in aircraft radomes (fiberglass being transparent to microwaves). Its first main 
civilian application was for the building of boats and sports car bodies, where it gained 
acceptance in the 1950s. Its use has broadened to the automotive and sport equipment 
sectors. In production of some products, such as aircraft, carbon fiber is now used instead 
of fiberglass, which is stronger by volume and weight. 

Advanced manufacturing techniques such as pre-pregs and fiber rovings extend 
fiberglass's applications and the tensile strength possible with fiber-reinforced plastics. 

Fiberglass is also used in the telecommunications industry for shrouding antennas, due to 
its RF permeability and low signal attenuation properties. It may also be used to conceal 
other equipment where no signal permeability is required, such as equipment cabinets 
and steel support structures, due to the ease with which it can be molded and painted to 
blend with existing structures and surfaces. Other uses include sheet-form electrical 
insulators and structural components commonly found in power-industry products. 

Because of fiberglass's light weight and durability, it is often used in protective 
equipment such as helmets. Many sports use fiberglass protective gear, such as 
goaltenders' and catchers' masks. 
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8.4.5 Storage tanks 

Storage tanks can be made of fiberglass with capacities up to about 300 tonnes. Smaller 
tanks can be made with chopped strand mat cast over a thermoplastic inner tank which 
acts as a preform during construction. Much more reliable tanks are made using woven 
mat or filament wound fiber, with the fiber orientation at right angles to the hoop 
stress imposed in the side wall by the contents. Such tanks tend to be used for chemical 
storage because the plastic liner (often polypropylene) is resistant to a wide range of 
corrosive chemicals. Fiberglass is also used for septic tanks. 

8.4.6 House building 

Glass-reinforced plastics are also used to produce house building components such as 
roofing laminate, door surrounds, over-door canopies, window canopies and dormers, 
chimneys, coping systems, and heads with keystones and sills. The material's reduced 
weight and easier handling, compared to wood or metal, allows faster installation. Mass-
produced fiberglass brick-effect panels can be used in the construction of composite 
housing and can include insulation to reduce heat loss. 

8.4.7 Oil and Gas Artificial Lift Systems 

In rod pumping applications, fiberglass rods are often used for their high tensile strength 
to weight ratio. Fiberglass rods provide an advantage over steel rods because they stretch 
more elastically (lower Young's modulus) than steel for a given weight, meaning more oil 
can be lifted from the hydrocarbon reservoir to the surface with each stroke, all while 
reducing the load on the pumping unit. 

Fiberglass rods must be kept in tension, however, as they frequently part if placed in even 
a small amount of compression. Buoyancy of the rods within a fluid amplifies this 
tendency. 

8.4.8 Piping 

GRP and GRE pipe can be used in a variety of above- and below-ground systems, 
including those for: 

• desalination 

• water treatment 

• water distribution networks 

• chemical process plants 

• water used for firefighting 
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• hot and cold water 

• drinking water 

• wastewater/sewage, Municipal waste 

• liquified petroleum gas 

• Helicopter rotor blades 

• Surfboards, tent poles 

• Gliders, kit cars, microcars, karts, bodyshells, kayaks, flat roofs, lorries 

• Pods, domes and architectural features where a light weight is necessary 

• Auto body parts, and entire auto bodies 

• Antenna covers and structures, such as UHF broadcasting antennas, and pipes used 
in hex beam antennas for amateur radio communications 

• Helmets and other protective gear used in various sports 

• Orthopedic casts 

• Fiberglass grating is used for walkways on ships and oil rigs, and in factories 

• Fiber-reinforced composite columns 

• Water slides 

• sculpture making 

8.5 THIN GLASS 

Believe it or not, glass is made from liquid sand. You can make glass by heating ordinary 
sand (which is mostly made of silicon dioxide) until it melts and turns into a liquid. You 
won't find that happening on your local beach: sand melts at the incredibly high 
temperature of 1700°C (3090°F). 

When molten sand cools, it doesn't turn back into the gritty yellow stuff you started out 
with: it undergoes a complete transformation and gains an entirely different inner 
structure. But it doesn't matter how much you cool the sand, it never quite sets into a 
solid. Instead, it becomes a kind of frozen liquid or what materials scientists refer to as 
an amorphous solid. It's like a cross between a solid and a liquid with some of the 
crystalline order of a solid and some of the molecular randomness of a liquid. 
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Glass is such a popular material in our homes because it has all kinds of really useful 
properties. Apart from being transparent, it's inexpensive to make, easy to shape when it's 
molten, reasonably resistant to heat when it's set, chemically inert (so a glass jar doesn't 
react with the things you put inside it), and it can be recycled any number of times. 

Special thin glasses, microplates, and display glass materials offer extraordinary 
properties. They can be, for example, alkali-free, ultra-thin, flexible, or light-weight. 
These materials are suitable for thin glass optics, the production of displays, or for the use 
in COG-processes.  

8.5.1 Ultra-thin Glass 

Ultra-thin glass is a high-end glass, having thickness less than a single human hair. It 
provides advantages over other substrate materials such as plastics, metals, and silicon. 
Ultra-thin glass finds its application in various industries owed to its properties such as 
thermal stability, surface flatness, weather resistance, flexibility, light weight and 
superior optical quality. The most widely used manufacturing process for ultra-thin glass 
includes fusion and float methods. Both manufacturing processes require extremely 
precise temperature and power control to produce flawless molten glass and forming thin 
glass sheet to the required standards. 

 

8.6 SEMICONDUCTOR 

Semiconductors are materials which have a conductivity between conductors (generally 
metals) and nonconductors or insulators (such as most ceramics). Semiconductors can be 
pure elements, such as silicon or germanium, or compounds such as gallium arsenide or 
cadmium selenide. In a process called doping, small amounts of impurities are added to 
pure semiconductors causing large changes in the conductivity of the material. 

 

Semiconductors are employed in the manufacture of various kinds of electronic devices, 
including diodes, transistors, and integrated circuits. Such devices have found wide 
application because of their compactness, reliability, power efficiency, and low cost. As 
discrete components, they have found use in power devices, optical sensors, and light 
emitters, including solid-state lasers. They have a wide range of current- and voltage-
handling capabilities and, more important, lend themselves to integration into complex 
but readily manufacturable microelectronic circuits. They are, and will be in the 
foreseeable future, the key elements for most electronic systems, serving 
communications, signal processing, computing, and control applications in both the 
consumer and industrial markets. 

8.6.1 Properties of Semi-Conductors 
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Solid-state materials are commonly grouped into three classes: insulators, 
semiconductors, and conductors. (At low temperatures some conductors, semiconductors, 
and insulators may become superconductors.) The figure shows the conductivities σ (and 
the corresponding resistivities ρ = 1/σ) that are associated with some important materials 
in each of the three classes. Insulators, such as fused quartz and glass, have very low 
conductivities, on the order of 10−18 to 10−10 siemens per centimetre; and conductors, such 
as aluminum, have high conductivities, typically from 104 to 106 siemens per centimetre. 
The conductivities of semiconductors are between these extremes and are generally 
sensitive to temperature, illumination, magnetic fields, and minute amounts of impurity 
atoms. For example, the addition of about 10 atoms of boron (known as a dopant) per 
million atoms of silicon can increase its electrical conductivity a thousand fold (partially 
accounting for the wide variability shown in the preceding figure). 

 

Typical range of conductivities for insulators, semiconductors, and conductors.  

(Source: Encyclopedia Britannica, Inc.) 

The study of semiconductor materials began in the early 19th century. The elemental 
semiconductors are those composed of single species of atoms, such as silicon 
(Si), germanium (Ge), and tin (Sn) in column IV and selenium (Se) and tellurium (Te) in 
column VI of the periodic table. There are, however, 
numerous compound semiconductors, which are composed of two or more elements. 
Gallium arsenide (GaAs), for example, is a binary III-V compound, which is a 
combination of gallium (Ga) from column III and arsenic (As) from column V. 
Ternary compounds can be formed by elements from three different columns—for 
instance, mercury indium telluride (HgIn2Te4), a II-III-VI compound. They also can be 
formed by elements from two columns, such as aluminum gallium arsenide (AlxGa1 
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− xAs), which is a ternary III-V compound, where both Al and Ga are from column III 
and the subscript x is related to the composition of the two elements from 100 percent Al 
(x = 1) to 100 percent Ga (x = 0). Pure silicon is the most important material 
for integrated circuit applications, and III-V binary and ternary compounds are most 
significant for light emission. 

Prior to the invention of the bipolar transistor in 1947, semiconductors were used only as 
two-terminal devices, such as rectifiers and photodiodes. During the early 1950s 
germanium was the major semiconductor material. However, it proved unsuitable for 
many applications, because devices made of the material exhibited high leakage currents 
at only moderately elevated temperatures. Since the early 1960s silicon has become by 
far the most widely used semiconductor, virtually supplanting germanium as a material 
for device fabrication. The main reasons for this are twofold: 

 (1) silicon devices exhibit much lower leakage currents, and  

(2) silicon dioxide (SiO2), which is a high-quality insulator, is easy to incorporate as 
part of a silicon-based device.  

Thus, silicon technology has become very advanced and pervasive, with silicon 
devices constituting more than 95 percent of all semiconductor products sold worldwide.  

Many of the compound semiconductors have some specific electrical and optical 
properties that are superior to their counterparts in silicon. These semiconductors, 
especially gallium arsenide, are used mainly for optoelectronic and certain radio 
frequency (RF) applications. 

 

Clockwise from top: A chip, an LED and a transistor are all made from semiconductor 
material.   

Semiconductors have had a monumental impact on our society. You find semiconductors 
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at the heart of microprocessor chips as well as transistors. Anything that's computerized 
or uses radio waves depends on semiconductors. Today, most semiconductor chips and 
transistors are created with silicon. You may have heard expressions like "Silicon 
Valley" and the "silicon economy," and that's why -- silicon is the heart of any electronic 
device. 

8.6.2 Types of Semiconductor 

There are many different types of semiconductor material. These different types of 
semiconductor have slightly different properties and lend themselves to different 
applications in various forms of semiconductor devices. Some may be applicable for 
standard signal applications, others for high frequency amplifiers, while other types may 
be applicable for power applications and harsh environments or others for light emitting 
applications. All these different applications tend to utilise different types of 
semiconductor materials. There are two basic groups or classifications that can be used to 
define the different semiconductor types: 

• Intrinsic material:   An intrinsic type of semiconductor material made to be very 
pure chemically. As a result, it possesses a very low conductivity level having very few 
number of charge carriers, namely holes and electrons, which it possesses in equal 
quantities. 

• Extrinsic material:   Extrinsic types of semiconductor are those where a small 
amount of impurity has been added to the basic intrinsic material. This 'doping' uses an 
element from a different periodic table group and in this way it will either have electrons 
in the valence band than the semiconductor itself. This creates either an excess or 
shortage of electrons. In this way two types of semiconductor are available: Electrons are 
negatively charged carriers. 

• N-type:   An N-type semiconductor material has an excess of electrons. In this way, 
free electrons are available within the lattices and their overall movement in one direction 
under the influence of a potential difference results in an electric current flow. This in an 
N-type semiconductor, the charge carriers are electrons. 

• P-type:   In a P-type semiconductor material there is a shortage of electrons, i.e. 
there are 'holes' in the crystal lattice. Electrons may move from one empty position to 
another and in this case, it can be considered that the holes are moving. This can happen 
under the influence of a potential difference and the holes can be seen to flow in one 
direction resulting in an electric current flow. It is harder for holes to move than for free 
electrons to move and therefore, the mobility of holes is less than that of free electrons. 
Holes are positively charged carriers. 

8.6.3 Semiconductor material groups 
Most commonly used semiconductor materials are crystalline inorganic solids. These 
materials are often classified according to their position or group within the periodic 
table. These groups are determined by the electrons in the outer orbit of the particular 
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elements. While most semiconductor materials used are inorganic, a growing number of 
organic materials are also being investigated and used. 
Self-assessment Questions 

Q.1 What do you know about the liquid crystals? 

Q.2 How the inorganic polymers different from organic polymers? 

Q.3  What are the different uses of ceramics? 

Q.4  Discuss different types of ceramics. 

Q.5  What are the major applications of fiber glass? 

Q.6  How semi-conductor works? 

Q.7  Discuss the importance of semi-conductors in the modern electronics field. 
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INTRODUCTION 

Environmental chemistry is the study of the chemical and biochemicalphenomena that 
occur in nature. It involves the understanding of howthe uncontaminated environment  
works,  and  which  naturally  occurring chemicals  are  present,  in  what  concentrations  
and  with  what  effects. Without this it would be  impossible  to  study  accurately  the  
effects that  humans  exert  on the environment through  the  release  of  chemical species.  
It is  a  multi-disciplinary  science  that,  in  addition  to  chemistry, involves  physics, life 
science, agriculture, material science, public health, sanitary  engineering,  and  so  on.  
Moreor less, it is the study of the sources, reactions, transport, effects, and fate of 
chemical species in the air, water, and land,and the effect of human activities upon the 
various environmental segments, such as atmosphere, hydrosphere, lithosphere, and 
biosphere. 

OBJECTIVES 

After learning this unit, you will be able to: 

1. Define and understand environmental chemistry  

2. Examine the types of pollution and its effects 

3. Explore the drastic effects of air,water and soil pollution 

4. Investigate the impact of greenhouse effect 

5. Analyze the effect of industrial pollution on environment 

6. Figure out the role and responsibilities of humans in the environment 
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9.1 POLLUTION AND POLLUTANTS 

Several definitions of “pollution” may be found. Lilia Albert definition has been chosen 
to guide this discussion: “Pollution refers to the presence or introduction of substances, 
organisms or forms of energy to substrates or media they do not belong to or exceeding 
their typical quantities, for enough time and under conditions that al low interfering with 
health and comfort of people, damaging natural resources or altering the ecological 
balance of an area.”  Applying this statement to noise is an interesting challenge. 
Pollutants: The substance which is present in harmful concentration and is the agent who 
causes pollution is termed as the pollutant. According to Anderson pollutants shall be 
classified as “stock pollutants”, “fund pollutants” and “flow pollutants”. Stock pollutants 
are the so-called “cumulative pollutants”. As these cannot be processed by the 
environment, these are accumulated. Fund pollutants are those that the environment can 
partially process; the environment has some absorptive capacity for these. Flow 
pollutants are short-lived: “(these) can be initially damaging, but are dissipated into 
environmental sinks with relative ease. Examples include light, noise, and heat pollution, 
biodegradable litter and smog”. In the last group, noise and heat are at a particular 
disadvantage because they cannot be seen: when photographs of a discotheque or a 
pneumatic hammer are shown, usually the viewer does not imagine how the scene sounds 
by watching the picture.  

9.2 TYPES OF POLLUTANTS  

On the basis of existence in nature  

a) Quantitative Pollutants 

The substances which are already present in the environment, but are termed as pollutants 
when their concentration (quantity) increases in the environment. eg. CO2 is present in 
the environment in greater quantity than normal and is hence termed as a quantitative 
pollutant. 

b) Qualitative Pollutant 

 The substances which are not normally present in the environment and are added by 
human beings and are pollutants by nature. E g. Insecticides, pesticides 

 

Types of pollutants on the basis of the form in which they persist 

a) Primary Pollutants 

 The substances which are directly emitted from the source and remain in that form are 
termed as primary pollutants e.g., smoke, fumes, ash, dust, nitric oxide and Sulphur 
dioxide 
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b) Secondary pollutants 

 The substances which are formed by chemical reaction between the primary pollutants 
and constituents of the environment (i.e. those which are already present in the 
environment) .e.g. smog, ozone, Sulphur trioxide, nitrogen dioxide. 

Types of pollutants on the Basis of Disposal   

a) Bio-Degradable Pollutants 

The pollutants which are decomposed by natural processes e.g. domestic (municipal) 
sewage. 

b) Non Bio-degradable Pollutants 

The pollutants which don’t decompose naturally or decompose slowly e.g. DDT, 
Aluminum cans. 

9.3 AIR POLLUTION 

Air pollution is a mix of particles and gases that can reach harmful concentrations both 
outside and indoors. Its effects can range from higher disease risks to rising temperatures. 
Soot, smoke, mold, pollen, methane, and carbon dioxide are a just few examples of 
common pollutants. Air pollution can be defined as an alteration of air quality that can be 
characterized by measurements of chemical, biological or physical pollutants in the air. 
Therefore, air pollution means the undesirable presence of impurities or the abnormal rise 
in the proportion of some constituents of the atmosphere. Air pollution is caused by the 
presence in the atmosphere of toxic substances, mainly produced by human activities, 
even though sometimes it can result from natural phenomena such as volcanic eruptions, 
dust storms and wildfires, also depleting the air quality. Anthropogenic air pollution 
sources are: 

• 1.Combustion of fossil fuels, like coal and oil for electricity and road transport, 
producing air pollutants like nitrogen and sulfur dioxide  

• 2.Emissions from industries and factories, releasing large amount of carbon 
monoxide, hydrocarbon, chemicals and organic compounds into the air  

• 3.Agricultural activities, due to the use of pesticides, insecticides, and fertilizers 
that emit harmful chemicals  

• 4.Waste production, mostly because of methane generation in landfills 

Air pollution has a major impact on the process of plant evolution by preventing 
photosynthesis in many cases, with serious consequences for the purification of the air we 
breathe. It also contributes to the formation of acid rain, atmospheric precipitations in the 
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form of rain, frost, snow or fog, which are released during the combustion of fossil fuels 
and transformed by contact with water steam in the atmosphere. Breathing in polluted air 
can be very bad for our health. Long-term exposure to air pollution has been associated 
with diseases of the heart and lungs, cancers and other health problems. That’s why it’s 
important for us to monitor air pollution. 

9.4 GREEN HOUSE EFFECT 

The Sun powers Earth’s climate, radiating energy at very short wavelengths, 
predominately in the visible or near-visible (e.g., ultraviolet) part of the spectrum. 
Roughly one-third of the solar energy that reaches the top of Earth’s atmosphere is 
reflected directly back to space. The remaining two-thirds is absorbed by the surface and, 
to a lesser extent, by the atmosphere. To balance the absorbed incoming energy, the Earth 
must, on average, radiate the same amount of energy back to space. Because the Earth is 
much colder than the Sun, it radiates at much longer wavelengths, primarily in the 
infrared part of the spectrum (see Figure ). Much of this thermal radiation emitted by the 
land and ocean is absorbed by the atmosphere, including clouds, and reradiated back to 
Earth. This is called the greenhouse effect. The glass walls in a greenhouse reduce 
airflow and increase the temperature of the air inside. Analogously, but through a 
different physical process, the Earth’s greenhouse effect warms the surface of the planet. 
Without the natural greenhouse effect, the average temperature at Earth’s surface would 
be below the freezing point of water. Thus, Earth’s natural greenhouse effect makes life 
as we know it possible. However, human activities, primarily the burning of fossil fuels 
and clearing of forests, have greatly intensified the natural greenhouse effect, causing 
global warming. 
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9.5 SMOG 

Smog is basically derived from the merging of two words; smoke and fog. Smog is also 
used to describe the type of fog which has smoke or soot in it. Smog is a yellowish or 
blackish fog formed mainly by a mixture of pollutants in the atmosphere which consists 
of fine particles and ground-level ozone. Smog which occurs mainly because of air 
pollution can also be defined as a mixture of various gases with dust and water vapor. 
Smog also refers to hazy air that makes breathing difficult. 

Smog is air pollution that reduces visibility. The term "smog" was first used in the early 
1900s to describe a mix of smoke and fog. The smoke usually came from burning coal. 
Smog was common in industrial areas, and remains a familiar sight in cities today. Smog 
is made up of many chemicals including Nitrogen oxides (NOx), Sulphur dioxide (SOx), 
Carbon monoxide (CO), and volatile organic compounds (VOCs), but the two main 
components of smog are particulate matter (PM) and ground-level ozone (O3). Smog 
forms when pollutants are released into the air. The pollutants are formed both naturally 
and by humans, however, the human-induced pollutants are of most concern due to the 
magnitude of pollutants produced by the burning and extraction of fossil fuels, which are 
known to cause extreme health effects. The location of smog formation is also of great 
concern, especially for human health, as a good portion of it is produced within cities 
where large portions of the population live. 

9.5.1 Ways to reduce smog 

Smog is still a problem in many places. Everyone can do their part to reduce smog by 
changing a few behaviors, such as: 

• Drive less. Walk, bike, carpool, and use public transportation whenever possible. 

• Take care of cars. Getting regular tune-ups, changing oil on schedule, and inflating 
tires to the proper level can improve gas mileage and reduce emissions. 

• Fuel up during the cooler hours of the day—night or early morning. This prevents 
gas fumes from heating up and producing ozone. 

• Avoid products that release high levels of VOCs. For example, use low-VOC 
paints. 

• Avoid gas-powered yard equipment, like lawn mowers. Use electric appliances 
instead. 
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9.6 WATER POLLUTION 

 

Out of all natural resources, water is the most essential for the existence of living beings.  
Water sustains life on the earth.  Unfortunately, civilization has perished it and is 
responsible for its pollution. Water  pollution  may  be  defined  as  the  deterioration  in  
the  physical, chemical,  and  biological  properties  of  water,  brought  about  mainly  by 
anthropogenic  activities.  It  can  also  be  caused  by  natural  weathering of  the  product  
of  rocks,  minerals,  soil  sediments,  nutrients,  as  well as  organic  matters  of  soil  
(decomposed animals, microorganisms,  and (vegetable materials) that are  transported  
by  erosion.  This  deterioration in quality of water body (both  surface  and ground) has  
increased  during the past few decades mainly by  enhanced  human  activities in 
industrial and  agricultural  sectors.  In recent years, there has been an increasing concern 
around the world regarding  the widespread  distribution  of  the  pollutants  stemming  
from human  activities  and  the  potential  harmful  effects  of  these  pollutants on 
human or  the ecological systems. Some environmental  problems such as  contaminated  
water  have  arisen  from  poorly  controlled  discharges of  industrial  effluents  into  the  
water  bodies,  while  others  such  as  air pollution have arisen from poor emission 
control on the energy generation industry  and  motor  vehicles.  

Nature  and  concentration  of  the  pollutants  depend  upon  their  sources, physical  and  
chemical  conditions,  and  reactivity  with  the  surrounding environment.  The  large  
number  of  water  pollutants  may  broadly  be classified  under  the following 
categories: 
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(i) Organic pollutant 

These include degradable and non-degradable products, as well as disease-causing 
agents, plant nutrients, sewage, synthetic organic compounds, and oil. DO is an essential 
requirement for aquatic life.  Its level in the water body should be 4–6 ppm. Decrease in 
this value is an indication of pollution mainly caused by organic matter, for example,  
sewage, industrial  wastes,  and  run-off from  agricultural  lands 

(ii) Inorganic  pollutants 

These  pollutants consist of  inorganic  salts, finely divided metal  or  metal compounds, 
trace  elements, complexes of  metal  with  organic moiety  mineral acid, and  so  on 

(iii) Sediments 

Sediments are insoluble soil particles of  unknown composition that enter water bodies by 
soil erosion. In fact, sediments are the most extensive pollutants of surface water.  It  has  
roughly been  estimated  that  suspended  solids  loading  reaching  natural waters  are  
about  700  times  as  large  as  the  solids  loading  from sewage  discharge.  Several  
factors  such  as  agricultural  practices, construction  activities,  and  strip  mining  
activities  have  great influences on solid erosion  rates  in the given area. 

(iv) Radioactive substances  

Radioactive  pollution  is  the  worst pollution  among  all  and  it  is  detrimental  to  
health.  Sources  of environmental  radioisotopes  may  broadly  be  grouped  as  natural 
and  artificial.  Natural  radioisotopes  produced  by  cosmic  rays  find their way  into soil 
and  water courses through precipitation (rainfall and  snow)  and  run-off,  whereas  
those  occurring  on  the  surface  of the  earth and  below  enter  the  water-bearing  
formulations  through weathering.  On  the  other  hand,  man-made radioisotopes  enter  
the environment  mainly  through  nuclear  installations  and  research organizations.  
Some of the radioisotopes such as K-40; Ra-222, Human body through different 
pathways. 

(v) Thermal  pollutants 

Coal-fired  or  nuclear  fuels  used  by  steam power  plants  are  among  the  most 
important  sources  of  thermal pollutants, as only a fraction of the heat generated using 
these fuels is successfully converted to work and the remaining is wasted. Even in  the 
modern coal-fired plants, the efficiency does  not  exceed 40%. The condensers  used in 
these plants utilize water from nearby river or lake or municipal sources and discharge  
the  wastewater back to the  water  body,  with  its  temperature  being  raised  by  about  
10°C in  the  process.  This decreases the DO level of water and adversely affects the 
aquatic life. 
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9.7 SOIL POLLUTION 

Soil  pollution  is  the  reduction  in  the productivity of  soil due  to  the presence of soil  
pollutants.  Soil  pollutants  have  an adverse  effect  on  the  physical  chemical and  
biological  properties  of  the  soil  and reduce  its  productivity.  Pesticides, fertilizers,  
organic  manure,  chemicals, radioactive  wastes,  discarded  food, clothes,  leather  
goods,  plastics,  paper, bottles,  tins-cans  and  carcasses-  all contribute  towards  
causing  soil  pollution. Chemicals like iron lead mercury, copper, zinc, cadmium, 
aluminum, cyanides, acids and alkalis etc.  are  present  in  industrial wastes  and  reach  
the  soil  either  directly with  water  or  indirectly  through  air.  (E.g. through acid rain). 
The  improper  and  continuous  use  of herbicides,  pesticides  and  fungicides  to protect  
the  crops  from  pests,  fungi  etc. alter the basic composition of the soils and make  the  
soil  toxic  for  plant  growth. Organic insecticides like DDT, Aldrin, benzene hex 
chloride etc. are used against soil borne pests. Pollution Soil  pollution  comprises  the  
pollution  of  soils with materials, mostly chemicals that are  out  of  place  or  are  
present  at concentrations  higher  than  normal  which may  have  adverse  effects  on  
humans  or other  organisms.  It  is  difficult  to  define soil  pollution  exactly  because  
different opinions  exist  on  how  to  characterize  a pollutant;  while  some  consider  the  
use of pesticides  acceptable  if  their  effect  does not  exceed  the  intended  result,  
others  do not consider  any  use of  pesticides or even chemical  fertilizers  acceptable.  
However, soil  pollution  is  also  caused  by  means other than the direct addition of 
xenobiotic (man-made) chemicals such as agricultural runoff waters,  industrial  waste  
materials, acidic precipitates, and radioactive fallout. Both  organic  (those  that  contain  
carbon) and  inorganic  (those  that  don't) contaminants  are  important  in  soil.  The 
most  prominent  chemical  groups  of organic  contaminants  are  fuel hydrocarbons,  
poly nuclear  aromatic hydrocarbons,  polychlorinated  biphenyls, chlorinated  aromatic  
compounds, detergents,  and  pesticides.  Inorganic species include nitrates, phosphates, 
and heavy metals such as cadmium, chromium and lead; inorganic acids; and 
radionuclides (radioactive substances). Among the sources of these contaminants are 
agricultural runoffs, acidic precipitates, industrial waste materials, and radioactive fallout. 
Soil pollution can lead to water pollution if toxic chemicals leach into groundwater, or if 
contaminated runoff reaches streams, lakes, or oceans.  Soil  also  naturally contributes  
to  air  pollution  by  releasing volatile  compounds  into  the atmosphere. 

9.7.1 Types of Soil Pollution  

Soil  pollution  may  be  any  chemicals  or contaminants  that  harm  living  organisms. 
Pollutants  decrease  soil  quality  and  also disturb  the  soil's  natural  composition  and 
also  lead to  erosion  of soil. Pollution can be distinguished by the Source of the 
contaminant and its effects of the ecosystem. Types of soil pollution may be agricultural  
pollution, Industrial  wastes and urban activities.   

Agricultural Pollution   

Agricultural processes contribute to soil pollution.  
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a. Fertilizers increase crop yield and also cause pollution that impacts soil quality.   

b. Pesticides also harm plants and animals by contaminating the soil.  

c.  These  chemicals  get  deep  inside  the soil  and  poison  the  ground  water 
system.   

d. Runoff  of  these chemicals by  rain and irrigation  also  contaminate  the  local 
water  system  and is deposited  at other locations.  

Industrial Waste  

About 90% of oil pollution is caused by industrial waste products. Improper disposal of 
waste contaminates the soil with harmful chemicals.  These pollutants affect plant and 
animal species and local water supplies and drinking water.Toxic  fumes  from  the  
regulated landfills contain chemicals that can fall back  to  the  earth  in  the  form  of  
acid rain and can damage the soil profile. 

Urban Activities   

Human activities can lead to soil pollution directly and indirectly.  Improper drainage and 
increase run-off contaminates the nearby land areas or streams.  Improper  disposal  of  
trash  breaks down  into  the soil  and it  deposits  in a number of chemical and pollutants 
into the  soil.  These  may  again  seep  into groundwater  or  wash  away  in  local water 
system Excess  waste  deposition  increases  the presence of bacteria in the soil.  
Decomposition  by  bacteria  generates methane  gas  contributing  to  global warming  
and  poor  air  quality.  It also creates foul odors and can impact quality of life 

9.7.2 Causes of Soil Pollution  

Soil Pollution is a result of many activities by mankind which contaminate the soil.Some 
the causes of soil pollution can be as follows Industrial effluents like harmful gases and 
chemicals.  Use of chemicals in agriculture like pesticides, fertilizers and insecticides. 
Improper or ineffective soil management system.  Unfavorable irrigation practices. 
Improper management and maintenance of septic system. Sanitary waste leakage.  Toxic 
fumes from industries get mixed with rains causing acid rains.  Leakages of fuel from 
automobiles are washed off due to rains and are deposited in the nearby soil. Unhealthy 
waste management techniques release sewage into dumping grounds and nearby water 
bodies.  Use of pesticides in agriculture retains chemicals in the environment for a long 
time.  These chemicals also effect beneficial organisms like earthworm in the soil and 
lead to poor soil quality. Absence of proper garbage disposal system leads to scattered 
garbage in the soil. These contaminants can block passage of water into the soil and 
affects its water holding capacity. Unscientific disposal of nuclear waste contaminate soil 
and can cause mutations. Night soil contamination due to improper sanitary system in 
villages can cause harmful diseases 
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The main reason for soil contamination is due to the presence of anthropogenic activities. 
There are many different ways that soil can become polluted, such as:  

• Seepage from a landfill  

• Discharge of industrial waste into the soil  

• Percolation of contaminated water into the soil  

• Rupture of underground storage tanks  

• Excess application of pesticides herbicides or fertilizer  

• Solid waste seepage the most common chemicals involved in causing soil pollution are:  

• Petroleum hydrocarbons  

• Heavy metals  

• Pesticides  

• Solvents  

Soil  pollution  happens  when  these chemicals  adhere  to  the  soil,  either  from being  
directly  spilled  onto  the  soil  or through  contact  with  soil that  has already been 
contaminated. Some  soil  contaminants  increase  the  risk of  leukemia,  while  others  
can  lead  to kidney  damage,  liver  problems  and changes in the central nervous system. 
Those are just the long term effects of soil pollution.  In  the  short  term,  exposure  to 
chemicals  in  the  soil  can  lead  to headaches, nausea, fatigue and skin rashes at the site 
of exposure 

9.7.3 Control of soil pollution  

A number of ways have been suggested to curb the pollution rate. Attempts to clean up 
the environment require plenty of time and resources. Some the steps to reduce soil 
pollution are:  

• Ban on use of plastic bags below 20 microns thickness.  

• Recycling of plastic wastes. 

 • Ban on deforestation. 

 • Encouraging plantation programs. 

 • Encouraging social and agro forestry programs. 
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 • Undertaking awareness programs.  

• Reducing the use of chemical fertilizer and pesticides.  

• Recycling paper, plastics and other materials.  

• Ban on use of plastic bags, which are a major cause of pollution.  

• Reusing materials. 

 • Avoiding deforestation and promoting forestation.  

• Suitable and safe disposal of including nuclear wastes. 

 • Chemical fertilizers and pesticides should be replaced by organic fertilizers and 
pesticides. 

 • Encouraging social and agro forestry programs. 

 • Undertaking many pollution awareness programs. 

9.8 INDUSTRIAL POLLUTION 

Pollution due to industrial chemicals:  With the increase in global population, industrial 
activities have also increased.  The effects of population growth have been recorded not 
only on industrial areas, but also on global commons such as Antarctic, the Arctic, and 
remote natural reserves.  In addition, increasing  concentrations  of chemical  substances  
originating  from  industrial sources  and  other human  activities  have  been  detected  in  
water,  air,  and  soil.  Such elevated concentrations and consequent bioaccumulation of 
somesubstances have  given  rise  to  environmental  and  Eco toxicological effects.  Over 
11 million  chemical  substances  are  known,  of  which 60,000–70,000  are  in  regular  
use.  Data  on  environmental  and Eco toxicological effects of these chemicals are 
sparse; however, many cases  have  been  reported  about  the  heavy  metals  and  
metalloids, pesticides,  fertilizer,  aromatic  polychlorinated  compounds,  f lame-
retardant  chemicals,  wood  preservatives,  washing  powders  and detergents,  polymeric  
resins,  and  so  on  poisoning  the  water bodies. 

9.9 NOISE POLLUTION 

Noise is derivative from the Latin word “nausea” suggesting ‘unwanted sound’ or ‘sound 
that is loud, unpleasant or unexpected’. The noise originates from human activities, 
especially the urbanization and the development of transport and industry. Though, the 
urban population is much more affected by such pollution, however, small town/villages 
along side roads or industries are also victim of this problem. Noise is becoming an 
increasingly omnipresent, yet unnoticed form of pollution even in developed countries. 
According to Birgitta and Lindvall (1995), road traffic, jet planes, garbage trucks, 
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construction equipment, manufacturing processes, and lawn mowers are some of the 
major sources of this unwanted sound that are routinely broadcasted into the air. 

Noise pollution is a main problem in cities around the world.  Noise is defined  as  
unwanted  sound in our community  .Environmental noise pollution,  a  form of air  
pollution,  is a  threat to health and well-being. It  is  more severe  and  widespread  than  
ever  before,  and  it  will  continue  to  increase  in  magnitude and  severity because  of 
population growth, urbanization, and the associated growth in  the use of increasingly 
powerful, varied, and highly mobile sources of noise. It will also continue to grow 
because of sustained growth in highway, rail, and air traffic, which remain major sources 
of environmental noise. In factory workplace workers are exposed to high noise due to 
machinery in routine. The potential health effects of noise pollution are numerous, 
pervasive, persistent, medically and socially significant. Noise produces direct and 
cumulative adverse effects that impair health and that degrade residential, social and 
working environment with corresponding real (economic) and intangible (well-being) 
losses. Noise represents an important public health problem that can lead to hearing loss, 
sleep disruption, cardiovascular disease, social handicaps, reduced productivity,  negative  
social  behavior, annoyance reactions, absenteeism and accidents. It can impair the ability 
to enjoy one's property and leisure time and increases the frequency of antisocial 
behavior.  Noise  adversely  affects  general  health  and  well-being  in  the  same  way  
as  does  chronic  stress.  It adversely affects future generations by degrading residential, 
social, and learning environments with corresponding economic losses.   The  aim  of  
enlightened  governmental  controls  should  be  to  protect  citizens  from  the  adverse 
effects of airborne pollution, including those produced by noise. People have the right to 
choose the nature of their acoustical environment; it should not be imposed by others. 

9.9.1 Adverse Health Effects of Noise 

1. Hearing impairment 

2. Interference with Spoken Communication 

3. Negative Social Behavior and Annoyance 

4. Sleep Disturbances 

5. Disturbances in Mental Health 

6. Cardiovascular Disturbances 

7. Noise Suffering, Aggression, Depression, Migraines 

There is no doubt about considering noise as a pollutant. Regarding its features, it should 
be classified as a physical atmospheric pollutant. Noise could cause many of the adverse 
effects of pollution: it can damage human health and comfort, as well as negatively affect 
ecosystems and ecological services. Based on the definition of “Health”, the WHO has 
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demonstrated that environmental noise should be considered a major public health 
aggressor; more than this, it has showed that a serious and generalized public health 
problem related to noise is already installed. Some of the main problems of nowadays 
society should be related and possibly increased by the omnipresent high levels of noise: 
stress, aggression, depression, addictions, decrease of intellectual capacities, severe sleep 
disturbances, by others. Noise could have deleterious effects on ecosystems and 
ecological services; some important effects might be detected many years later and 
perhaps it would be too late. The soundscape should be intended as an identity feature, 
social construction  should be improved.Reverting the present trends is a great challenge 
indeed! Why pursuing this path is a must? Because lowering environmental noise levels 
will lead to a better and supportive society. 

SELF-ASSESSMENT QUESTIONS 

1.What is pollution? Explain different types of pollutants. 

2. Write a comprehensive note on types of pollution. 

3. What are the drastic effect of air, water, and soil pollution? 

4.Explain the impact of greenhouse effect. 

5. Examine the effect of industrial pollution on environment. 

6. Write down the roles and responsibilities of human being in environment. 
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